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SOLAR AND STELLAR ABUNDANCES 
OF THE ELEMENTS 


By LAWRENCE H. ALLER 
The University of Michigan Observatory 


1. INTRODUCTION 


ASTRONOMERS, nuclear physicists, and cosmologists have long sought to deter- 
mine the ‘“‘cosmic’’ abundances of the elements, i.e. the chemical composition 
of stars and gaseous nebulae in our part of the galaxy. In this contribution we 
shall be especially concerned with the composition of the sun which presumably 
represents the primordial composition of the solar system. The compositions 
of other stars may differ. A considerable body of astronomical evidence indicates 
that the stars in the neighborhood of the sun differ in age. Highly luminous 
stars transmute hydrogen into helium to produce energy at such a great rate 
that their allotted life span is only a few million years. When we observe a 
cluster containing brilliant blue stars we can be reasonably sure that we are 
dealing with a fairly young population. Many such clusters are known, e.g. 
the Pleiades and the double cluster in Perseus. In a few clusters we appear to 
be observing the actual formation of stars from the interstellar medium. Other 
clusters, such as Messier 67, are much older. They contain no luminous stars; 
in fact, all stars much more massive than the sun have passed on to more 
advanced stages of their evolution. As a star ages, the hydrogen in its central 
regions becomes converted into helium until eventually all the energy is generated 
in a thin shell surrounding an inert contracting core. Then the outer portion 
of the star becomes distended, the radius of the star increases and its surface 
temperature falls. Eventually, as the core of the star continues to shrink the 
helium may become converted into carbon, oxygen, neon and yet heavier 
elements. The outer portion of the star escapes into space—perhaps in violent 
ejection as in supernovae, or perhaps smoothly as in such systems as the double 
star « Herculis. This material may be partly enriched in the heavier elements 
built up in the stellar interior. As new stars are formed from the interstellar 
medium they contain a larger portion of heavier elements than did their 
predecessors. Consequently, the oldest stars should show the greatest ratio of 
hydrogen to the metals. We expect that the younger the star the greater will be 
the proportion of metals that it contains. The relationship is not a linear one, 
however. There is evidence that the young blue stars have very nearly the same 
composition as the sun insofar as elements such as oxygen, carbon, silicon, 
magnesium and aluminum are concerned (ALLER, ELSTE and JUGAKU, 1957). 
We shall not concern ourselves here with these evolutionary problems but shall 
attempt to see what data can be obtained concerning the probable composition 
of the solar system at the time the earth was formed. We believe that this 
composition is presently well illustrated by that of the sun. 
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It is just a century since Bunsen and Kirchhoff demonstrated the laws of 
spectrum analysis that paved the way for the chemical analyses of the sun, the 
stars, and nebulae. Since then the pioneering qualitative analysis has been 
replaced by attempts at a quantitative analysis that have proved both stimulating 
and rewarding. More than thirty years ago RUssELL (1929) made the first 
quantitative analysis of the sun. In spite of the poor observational data then 
available and the rather primitive theory of stellar spectral line formation, 
his efforts were remarkably successful. For some elements we can do no 
better than he did, because of our lack of knowledge (even to this day) 
of the essential physical parameters. Successively more refined methods have 
been used until at the present time the limiting factor is our knowledge of the 
transition probabilities of the spectral lines and their sensitivity to density 
effects (pressure-broadening). The analysis of a star necessarily differs from a 
conventional spectrochemical analysis. To state the problem in the simplest 
possible terms: we cannot prepare a sample star in the laboratory and compare 
it with a real star. We must extract from our observational material both the 
chemical composition of the star and the physical state of its atmosphere, 
simultaneously! 


2. THE ATMOSPHERE OF THE SUN 


The sun, which is the only star close enough to appear with an appreciable 
disk, shows complexities enough to satisfy anyone. The bright white surface 
or photosphere is mottled with the ephemeral granulation or “‘rice-grain 
structure”. Above this lies the tenuous chromosphere (best seen as a spiked, 
fiery envelope at the time of solar eclipses) and the pale white corona which 
can be observed only with speciai instruments under conditions of exquisite 
transparency. These outer solar envelopes, whose time-dependent behavior 
is of enormous significance to problems of solar-terrestrial relationships and 
which pose some of the most engaging astrophysical questions, contribute a 
negligible portion of the total light of the sun. 

The radiation from the bright white solar surface provides the familiar 
dark-line Fraunhofer spectrum of the sun. To a surprisingly high accuracy 
we can regard this spectrum as produced by an atmosphere consisting of plane- 
parallel stratified layers in which the temperature and pressure increase mono- 
tonically with depth. The temperature gradient throughout a large part of the 
visible atmosphere of the sun can be established from measurements of the 
decrease in surface brightness from the center to the limb of the sun (the so-called 
limb darkening). These measurements do not give information on the uppermost 
strata of the solar photosphere. Here we have to rely on other methods, partly 
observational and partly theoretical. 

In stars other than the sun, the determination of the temperature gradient 
is more difficult and direct observational methods are usually lacking. In a few 
eclipsing double star systems information on limb darkening sometimes can be 
found, and we can get a rough check on our ideas. More often, we have to 
make some basic postulate, e.g. that the atmosphere is either in radiative 
equilibrium (i.e. all the energy of the star is transported outward through its 
atmosphere by radiation) or it is in convective equilibrium, i.e. all the energy is 
carried upward and outward by convection currents. These two different 
assumptions lead to somewhat different predictions of the energy distribution 
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of the radiation emitied by the star, predictions which are amenable to direct 
observational checks. As far as we can tell, the energy is transported through 
the visible layers of stellar atmospheres by radiation, although we must expect 
that in many stars, zones in convective equilibrium lie directly below the visible 
strata. 

For theoretical studies of stellar spectra the essential quantity is not the 
geometrical (or linear) depth in the atmosphere, but the optical depth which 
controls how much of the emission from a given stratum will reach the observer. 
Let «; be the absorption coefficient at a given wave length. p the density of the 
material and dh the element of height. Then the element of optical depth will 
be 

dz, = dh. 


Processes involving both the line and continuous spectrum in the sun and stars 
are usually treated on the assumption that they obey Kirchhoff’s law 


jy = An BT) 


ic. the emission at each frequency is strictly proportional to the absorption 
coefficient. An exception is the process of electron scattering, which is an 
important source of opacity in hot super-giant stars. It is independent of wave 
length and does not depend on the temperature. The principal source of 
continuous absorption in the visible spectrum of the sun, the photo-dissociation 
of the negative hydrogen ion, does obey Kirchhoff’s law as does the continuous 
absorption by atomic hydrogen which is the principal contributor to opacity of 
the atmospheres of stars hotter than the sun. When Kirchhoff’s law is obeyed 
for both the line and continuous spectrum we say that the material is in Jocal 
thermodynamic equilibrium (LTE). 


3. THE FORMATION OF SPECTRAL LINES 


If a light quantum is scattered by an atom without being changed in frequency, 
the temperature of the material does not enter into the expression for the rate 
of energy output for the material. It has been frequently suggested that the 
strongest lines in the solar spectrum are formed by scattering, and extensive 
calculations of the shapes and intensities of spectral lines have been carried out 
on this assumption. Curiously, in spite of extensive, elaborate studies of the 
profile and total intensity variations of many lines across the disk of the sun, 
it has not been possible to decide clearly between these two physical mechanisms, 
scattering or LTE. For the time being we shall assume that the mechanism 
of LTE prevails. This is not an essential requirement; if instead we prefer to 
adopt the scattering mechanism we can carry out the appropriate calculations 
without any essential difficulties. 

Let us consider a ray emergent from the disk of the sun making an angle 6 with 
respect to the outward normal. We define 


= cos 6. 


We now use x, to denote explicitly the coefficient of continuous absorption 
defined per gram of stellar material, and /, the coefficient of line absorption. 
Then the element of optical depth for a point in the line will be 


dr, = (xk, + dh. 
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The intensity of an emergent ray will be 
=| B(Eje—* sec dé 
0 


where & denotes 7; for the continuum and 7, for a point in the spectrum line. 
The residual intensity in the line is: 

_ 1,0, 9) 

6) 

Across a spectrum line, /, will vary rapidly but x, very slowly. Both will 


vary with depth in the atmosphere, and we must at the outset know the structure 
or model of the atmosphere. That is, we are given 7(79), the temperature as a 


. (6) 


/ 


3 


Temperture 
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Fig. 1. Model of solar atmosphere. 


function of the optical depth at some convenient selected wave length in the 
continuum. Also, we have the gas pressure as a function of 79, P,(79) and the 
electron pressure P,(7)). Finally, we must have «,/«,, So we can compute 
T (To). 

Figure 1 shows the model atmosphere compiled by Elste and used in the quan- 
titative chemical analysis of the sun by GOLDBERG, MULLER and ALLER (1960). 
As abscissae we employ the optical depth at 2 5000 A. The temperature scale 
is given at the left, the logarithmic electron pressure scale is at the right. The 
total gas pressure is not given; it is required only for calculating the absorption 
coefficients of pressure-broadened lines. Strong spectral lines tend to be formed 
in the layers with 7, < 0-1, whereas the weak lines are formed mostly in the 
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domain 0-1-1-0. With the data included in Fig. 1 and the assumed hydrogen/ 
metal ratio it is possible to compute P,(79), «;,(79) and 7,(79). 

The line absorption coefficient at any given point on the line profile, «,, will 
depend on a number of factors, only one of which is the abundance of the 
element in question. These factors are: 

(1) The fraction of all the atoms of the element involved that are in a state 
in which they can absorb the line in question. For a given temperature and 
electron pressure we can compute this quantity with the aid of the Boltzmann 
and Saha equations (see e.g. ALLER, 1953, Chapter 4). 

(2) The gas kinetic temperature which determines the Doppler width of the 
absorption coefficient due to the random motion of the atoms. If there is large 
scale motion of the gas often referred to as turbulence, the absorption coefficient 
will be further broadened. These effects can be rather complicated and will 
differ depending on whether the size of the radiating volume element is greater 
or smaller than the mean free path of a light quantum. 

(3) In addition to the Doppler motion as a source of line broadening there 
is the natural broadening which can become important at large distances from 
the line centre. 

(4) In the atmospheres of dwarf stars like the sun, collisional or pressure- 
broadening determines the absorption coefficient in the far wings of the line. 
It is produced by the van der Waals interaction between the radiating atom and 
the neutral hydrogen and helium atoms. 

(5) Interactions between charged particles and radiating atoms produce the 
interatomic Stark effect. Most atoms are subject to the quadratic Stark effect 
which results in an absorption coefficient of the same shape as natural broaden- 
ing. Hence it can be handled by the same formal theory as natural plus 
Doppler-broadening. 

Under the combined influence of Doppler-broadening (including turbulence) 
and natural plus collisional broadening we may write the expression for the 


absorption coefficient as 


where a» is essentially the absorption coefficient at the center of the line, which 
is given by 


me 1 
= — 
me! Va . An ©) 


with 
An u = (vy — ¥)/Ay, a= 
47 Ay 


where v, = most probable gas kinetic velocity, 
v, = turbulent velocity, 
I’ = damping constant which includes both contributions of radiation 
damping and collisional damping, 
f = Ladenburg f or “oscillator strength’. 


The function H(a,v) is represented by a definite integral which has been 
evaluated numerically and tabulated as a function of a and v. 
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Figure 2 shows as an example the absorption coefficient for the 2 3683 6p?P;- 
7s°P, transition in neutral lead. The method of calculation is described on 
pp. 250-255 of the author's Atmospheres of the Sun and Stars (ALLER, 1953). 
We take a gas kinetic temperature of 5700°K. The gas kinetic velocity is 
0-67 km/sec, whereas the turbulent velocity v, is taken as 2 km/sec. We adopt 
a gas pressure P, = 5-5 x 10'dyn/cem* from the model atmosphere at a 
point (7) = 0-33) corresponding to T == 5700°K. Then the collisional damping 
constant I’, is 6-3 x 10°, while we adopt a radiative damping constant 


Draad = 1 X 108 so that Tota: = 7°3 X 10°. Now Ary = 0:572 x 10! with the 
corresponding AA, = 0:0259 A. Hence u = 38-6AA(A). In Fig. 2 we give both 
u and AA as abscissa with log (x,/%) as ordinate. Notice that for AA < 0-07 
the Doppler motions primarily determine the absorption coefficient. At greater 
distances from the line center the collisional damping determines the line 
rofile. 
. It is clear from Eqs. (5) and (6) that the profile and total intensity of the line 
are going to depend on the relative values of the line absorption coefficient 
I, = N,.s%, and the coefficient of continuous absorption. In the special case 


that the ratio 


is a constant, independent of optical depth, and the Planckian function can be 
represented by an approximation of the form 


B=B,+ Bn ....(10) 
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Eqs. (5) and (6) can be solved in closed form and explicit formulae written for 
the shape of the line prolile. This approximation, called the Milne-Eddington 
approximation, is often used in rough preliminary work. 

Precise solutions can likewise be obtained in the Schuster-Schwarzschild 
approximation wherein it is supposed that the lines are formed in a geometrically 
thin layer superposed over the photosphere which is presumed to emit a pure 
continuous spectrum. 


To 
observer 


Monochromatically 
| © absorbing atoms 


° 


(b) 


° 
° 

{/e/Continuous ond line spectra / 


orignate in same layers 


Fig. 3 (a) Milne—Eddington model. (5) Schuster-Schwarzschild model. 


4. THE CURVE OF GROWTH 
In the first reconnaissance of a stellar spectrum one usually applies what is 
called the curve of growth procedure. In this technique we adopt the Milne- 
Eddington or Schuster-Schwarzschild approximation and calculate the 
numerical relationship between the total intensity of the line 


i.e. the amount of energy subtracted by the line from the continuum, and the 
number of atoms acting to produce it. 


W, = F(N, sf, @)- 


Here N,., is the number of atoms capable of absorbing the line in question, / 
is the oscillator strength for the line, and a expresses the ratio of damping 
constant to Doppler width (cf. Eq. (8)). 

The advantage of the curve of growth is that it permits the observer to 
handle vast quantities of data quickly. It is invaluable for making comparisons 
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between the sun and other stars, for the preliminary analysis of a stellar spectrum, 
or for comparing stars of normal and abnormal composition. In practical 
applications one obtains a set of /-values, from theory, experiment, or some 
combination of both, 2nd constructs for each element in each stage of ionization 
empirical plots of log W/A against log NfA. Often one makes a separate plot 
for each multiplet, but sometimes it is possible to construct a curve of growth 
for a whole group of multiplets, although account must be taken of the appro- 
priate statistical weight and Boltzmann factors if data from several levels of 
different excitation potentials are combined. 

The disadvantages of the curve of growth are that it assumes all lines of all 
elements in all status of ionization can be treated as though they all originated in 
a gaseous stratum at a fixed temperature and pressure! This approximation is 
scarcely valid, for example, if we propose to compare the lines of the carbon mon- 
oxide molecule which originate in the uppermost part of the solar atmosphere 
with the atomic lines of carbon which arise from levels at 7-5 eV above the ground 
state. Also, the curve of growth assumes that all lines of the same total 
intensity have the same shape. The profile changes with the intensity of the line 
but there is no provision for the possibility that two lines of the same equivalent 
width may have different shapes. 


5. THE PRECISE CALCULATION OF LINE INTENSITIES 


The second approximation in the analysis of line intensities is based on the use 
of model atmospheres. That is, the effects of variation of temperature, pressure 
and absorption coefficient with depth in the atmosphere are taken into account 
explicitly. Model atmospheres are constructed on the assumption that the star 
is in hydrostatic equilibrium and that its outer envelopes are stratified in plane- 
parallel layers. In order to compute a model atmosphere one must select a 
value of the total energy flux (which defines the effective temperature), the 
surface gravity, and the chemical composition. One quantity which must be 
known is the temperature distribution as a function of electron pressure, total 
pressure or optical depth. The center-to-limb variations of the shapes and 
intensities of the lines and the darkening toward the limb in the continuous 
spectrum permit one to determine the temperature distribution in the sun. 
For other stars we must use some other method, such as the hypothesis of 
radiative equilibrium, since we observe only the total light of the star. 

For most stars the calculation of a model atmosphere is complicated by the 
extreme non-greyness of the stellar material. That is, the stuff of which a 
star’s atmosphere is composed may be strongly colored in the sense that the 
coefficient of continuous absorption varies strongly with wave length. In general, 
we cannot be sure that a particular model atmosphere we calculate applies to 
any given star. The best procedure is to compute a family or network of model 
atmospheres. For each one of these we then compute the observable features 
of the spectrum, i.e. the energy distribution in the continuum, the profiles of 
certain lines such as the hydrogen lines which are sensitive to surface gravity 
among the hotter stars, and finally, the intensity ratios of lines of the same 
element in different stages of ionization. One then compares the theoretical 
predictions with the observations and interpolates among the models to obtain 
the best representation of the observations. See e.g. ALLER and JUGAKU (1959). 

If one takes into account explicitly the structure of the stellar atmosphere 
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and calculates the equivalent widths of the lines making use of the dependence 
of the line absorption coefficient on the parameter a and the distance from the 
line center (cf. Eq. (7)), it is possible to obtain an expression of the form 


+00 
= const. NgfA | Z(x)¥(Y, a)OCY, x)G¥(x) dx. 
In this formulation of the problem, due to PECKER (1951) one computes several 
functions that depend on the distribution of the relevant atoms in the atmosphere, 
the total amount of material involved in the production of the line, and the 
structure of the atmosphere. Specifically, the weighting function G¥(x) depends 
only on the wave length and the structure of the atmosphere and not at all on 
the atom involved. As variable of integration we use the quantity 


x = log7z, ... (14) 


rather than 7, itself, as was suggested by Etste (1955). Now Z(x) depends on 
the particular level involved and includes the effects of ionization and excitation 
throughout the atmosphere, i.e. the variation of the ratio n,,,/2n, throughout 
the atmosphere. The function Y depends on Z 


where c, is a numerical constant, g,., is the statistical weight of the level and N 
is the number of atoms of the given element per gram of stellar material. 

The quantity Y(Y,a) is essentially Pecker’s saturation function which 
allows for the fact that strong lines are formed predominantly in shallower 
depths than are weak lines. The function @(Y, x) comes from the fact that the 
radiation comes from all points on the surface of the star from the center of the 
disk to the limb. The entire expression under the integral sign in Eq. (13) is called 
the contribution function. It has to be calculated for the spectral lines of interest 
in each model atmosphere. 

In the sun it is possible to observe the equivalent widths and profiles of lines 
at preselected points on the disk. Hence, in place of Eq. (13) we have an 
expression of the form (cf. ALLER, ELSTE and JUGAKU, 1957) 


= const. Y/u)gi(x) dx. ....(16) 


Here y is defined by Eq. (3). At the center of the disk « = 1. Here the weighting 
function gi(x) depends only on the structure of the atmosphere and the point 
on the disk. Usually, analyses are carried out only for lines at the centre of the 
disk, although center-to-limb investigations are executed in order to test theories 
of the structure of the solar atmosphere and mechanisms of line formation. 
Quantitative chemical analyses of stellar atmospheres based on model 
atmospheres have also been carried out by Unséld’s associates at Kiel, namely, 
TRAVING (1955), HUNGER (1955), and WEIDEMANN (1955). Their analysis 
postulates that all lines have profiles that can be represented by exactly the 
same formula, regardless of the point at which they are formed in the 


atmosphere. 
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So far, this type of programme has been carried out for the sun, and for 
several hotter stars of spectral classes A and B with temperatures ranging from 
10,000 to 30,000 °K. We confine our attention here to the composition studies 
that have been carried out by the most refined methods. Although our interest 
is primarily in the composition of the sun we shall find it necessary to consider 
also the compositions of other stars as well, notably those whose spectra 
display the lines of elements not observable in the sun. 

Certain light clements such as neon, argon, and fluorine cannot be studied 
in the sun at all and their abundances with respect to oxygen. nitrogen, etc. 
can be investigated only in the hotter stars. The reason is that their resonance 
lines fall in the presently inaccessible far ultra-violet where the intrinsic blending 
is so severe that even when observations of this spectral region can be obtained 
with rockets (and eventually we hope with satellites) the spectral lines cannot be 
disentangled from their neighbors and hence cannot be used for abundance 
studies. On the other hand, the lines of fluorine, neon, and argon which 
do fall in the ordinary spectral regions have excitation potentials for their 
lower levels of 12:7, 16°5, and 11-5 V, respectively. In the layers in which these 
lines might be formed in the solar atmosphere, the Boltzmann formula predicts 
that the population of these levels will be attenuated by factors of the order of 
10-° to 10-18. The hypothetical lines arising from these levels would have 
equivalent widths less than 0-001 A and would be completely unobservable. 
Furthermore, it is important to realize that the abundances of elements such as 
carbon, nitrogen, oxygen, etc. are determined from entirely different lines in 
the sun and in the hotter stars. In the sun the abundance of oxygen, for example, 
is found from the infra-red lines of neutral oxygen O I. In the hot stars of 
spectral class B (whose temperatures range from 18,000 °K to 30,000 °K) the 
abundance of oxygen is found from the lines of singly ionized oxygen O II or 
even doubly ionized oxygen O III. We compare the relative abundances of the 
elements that are observed in both the sun and the hot stars and if they are 
substantially the same we feel entitled to surmise that the solar abundances of 
the elements not observed in the sun but found in the hot stars could be estimated 
from the hot star data. 

Ten or fifteen years ago such an interpretation of the data was standard 
operating procedure. At the present time we are more wary. The hot B stars 
are young objects, only a few million years old, whereas the sun has an age 
exceeding that of the crust of the earth (4-5 x 10° years). Thus the luminous B 
stars are presumed to have been formed recently out of the interstellar medium. 
Since the sun was formed, the composition of this interstellar medium has 
probably gradually changed. As a star shines, it converts hydrogen into 
helium and in later stages of its evolution it may subsequently convert some of 
the helium into heavier elements. Direct observational evidence for this 
hypothesis of element-building in stars is provided by the presence of the 
spectral lines of element 43, technetium, in certain cool, far-evolved stars. In 
the same stars, abnormally high abundances of elements in the same row of 
the periodic table, zirconium, molybdenum, etc. are also observed. Presumably, 
all these elements are formed from metals of the iron group by neutron capture. 
(See discussions by BURBIDGE G. and M., F. HoyLe and W. FOWLER (1957) and 
CAMERON (1959a, b).) Therefore, we would expect the interstellar medium to be 
enriched in helium and other “‘ashes”’ of hydrogen burning and might anticipate 
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the B stars to have a substantially different composition than has the sun. 
Actually, the amount of this enrichment is unknown, but the evidence we have at 
present is that the difference in composition between the sun and the younger stars 
is not very great, i.e. the amount of metals, etc. in the younger stars is probably 
not more than about twice as much as in the sun. Hence the compositions of 
these hot stars may still serve as a rough guide for estimating the concentrations 
of those elements not observed in the sun. A direct determination of the com- 
position of the interstellar medium is difficult, although when the material is 
caused to shine by fluorescence in the neighborhood of hot stars, estimates 
of the relative proportions of H, He, O, N, Ne, etc. can be made. The Orion 
nebula furnishes an excellent example. From a theoretical analysis of spectro- 
photometric measurements of line intensities in the Orion nebula, LILLER (1959) 
and the present writer found substantially the same abundances for the nebula 
as for the stars. There is some indication that the abundances of certain 
elements, e.g. chlorine and argon, might be determined more reliably from the 
nebula than from the stars! 

Helium, which is the most abundant element in the universe next to hydrogen, 
is not observed in the dark-line Fraunhofer spectrum of the sun, although it is 
found in the chromosphere.* Carbon, nitrogen and oxygen, for which the 
abundance determinations are based on the greatest number of lines, appear 
to have closely similar abundances in the B stars and the sun. As for Mg, Al, 
Si, and S, one must remark that uncertainties in the f-values are such that we 
cannot regard the differences between the solar and stellar abundances as 
securely established. 

For the elements heavier than argon we must relay on the sun and similar 
stars. One of the main items of interest in connection with a determination of 
the quantitative composition of the sun is the possibility of using the solar 
abundances as the primordial composition of the solar system. 

Many years ago it was pointed out by the geochemist GOLDSCHMIDT (1937) 
that the meteorites provided a much better index of the composition of the 
solar system (at least insofar as the non-volatile constituents were concerned) 
than did the crust of the earth. The class of stony meteorites known as 
chondrites constitutes the vast bulk of these objects and their average composi- 
tion apparently provides some of the best evidence we have at the moment on 
the primordial composition of the solar system. 

The resemblance between the composition of stony meteorites and that of the 
sun was noted long ago. More recent refined work has suggested that for 
certain elements discordances may exist. It is very important to establish 
whether or not such differences are real or whether they are the effects of errors 
in the methods of analysis. 

Since the manner of formation of meteorites is not known, we might suppose 
that discrepancies could be explained in terms of different rates of loss of 
different elements. Abundance deficiencies for volatile elements are easily 
understood, but differences in abundances of elements with similar chemical 
properties require careful scrutiny. Urey has pointed out that although the 
detailed processes involved in the formation of meteorites are not known, 
elements with closely related chemical and thermodynamical properties should 

* An exception is the 2 10830 He I line which is observed sometimes in absorption on the 
disk, but under conditions that preclude its use for abundance determinations. 
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be lost (or retained) in similar proportions. For example, the solar chromium/ 
iron ratio is given as about ten times the ratio in meteorites. This difference 
could be explained if the absolute f-values were in error by a factor of 3 for 
each of these metals but in opposite directions! Among other metals for which 
discordances exist are indium and perhaps lead. If we accept the meteorite 
abundances with respect to silicon, indium should not be observed in the sun! 
These questions require further investigation. 

Furthermore, the solar data need further analysis. The next step will entail 
the careful study of particular lines and their analysis by model solar atmospheres 
on an individual basis. Such a program recently has been initiated by O. C. 
MOHLER and the writer at the McMath Hulbert Observatory of the University 
of Michigan with the aid of a grant from the National Science Foundation. 

A typical situation in the spectrum of the sun is that the line of a relatively 
rare but strategic element falls on the wing of a strong line of some much more 
abundant element. For example, a line of lead may fall on the wing of a line 
of cobalt. Then the wing of the cobalt line forms the “‘continuum” upon which 
the lead line is formed. 


6. LEAD IN THE SOLAR SPECTRUM 


The situation may be made clearer by describing a few examples in point. 
Consider first the four best lines of lead in the solar spectrum. Figs. 4, 5 and 
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6 exhibit tracings made at the center of the solar disk for the new Michigan 
abundance program. Some tracings were secured with the vacuum spectro- 
graph at Lake Angelus; others were obtained with the Snow telescope at Mt. 
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Wilson. The estimated position of the continuum is indicated on each of these 
tracings. Notice the weak line at 3739-946 between two strong lines of Ni I and 
Fe I, and the difficulty of estimating the actual position of the background. 
The relatively strong A 3683 line can be measured with apparently considerably 
greater accuracy than can the other lead lines. The 2 4057-82 line is particularly 
difficult to handle. The dashed curve indicates one possible position of the 
effective background; the dot-dash curve indicates another possible background. 

Figure 7 shows the centre-limb variation of the 3639-526 lead line which is 
strongly blended with the cobalt 3639-451 line. As we proceed from the center 
to the limb, i.e. to successively smaller values of « = cos 0, the depths of the 
lines decrease and the lead line becomes less and less prominent. 


7. PROBLEM OF WEAK LINES AND BLENDS 


In the work of CLAAs in 1951 and the more extensive studies by GOLDBERG, 
MULLER and ALLER (1959) on the abundances of elements in the sun, it is 
assumed that the weighting function varies slowly with wave length and the 
influence of blends is taken into account only in an approximate way. It is 
evident that the next step in the analysis is going to be an extremely laborious 
one. With abundant elements possessing many lines it is possible to select 
unblended lines for the construction of curves of growth. Among the rare 
elements this is no longer possible and one often has to treat the individual 
lines according to the degree and nature of the blending. In the ultra-violet 
portion of the spectrum the blending becomes so severe that we no longer see 
the background continuum, and the local “continuum” is produced largely by 
the overlap of numerous strong, moderately strong, or even weak lines. This 
is a problem of actual or intrinsic overlap; no increase of resolution in the 
spectrograph can eliminate it. 

In the first approximation we attempt to allow for the mass effects of these 
sundry contributors in the following way. Since the source of opacity is pre- 
sumably the lines of metals and to some extent molecules we examine the 
distribution of these absorbers with depth in the sun. Let us assume that the 
empirical absorption coefficient is proportional to the number of absorbers and 


write 
Kemp) = 


where n(7)) gives the relative number of metallic atoms or molecules as a function 
of depth. The metal atoms all tend to be concentrated in approximately the 
same layers whereas the molecules tend to favour the higher levels of the 


atmosphere. 
The intensity of the radiation in the local continuous spectrum at the center 


of the disk /,(0,0) and the limb darkening /,(0, 4)//,(0, 0) are also presumed 
known. We note 


[,(0, 0) = | Bir,je dr, 
0 


where we shall take 
dr, = [k(H-) + A,n(z9)]p dh. 


Now 4, is found in the following way: we have 7(7)) from our model atmosphere 
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and the Planckian function B(7,) can therefore be given as soon as 7,(79) is 
known. We assume a value of A,, compute 


| «(H-) + 


Ko(7o) 


and then evaluate /,(0,0). The process is repeated until the observed 1,(0, 0) 
can be reproduced. The calculations can be carried out with n(z7)) for the metals 
or 7(7») for molecules and the anticipated limb darkening evaluated. Then from 
a comparison with the limb darkening measurements /,(0, 9)/1,(0, 0) we can see 
whether the assumed form of the A,n(z9), gives the correct depth dependence 
of the absorption coefficient. When this program is carried out for the 
/ 3683 lead line it is found that, although the intensity /,(0, 0) can be represented, 
the limb darkening cannot be reproduced by assuming that the blocking is 
produced by weak lines. The most important contribution is made by the 
pressure-broadened wings of moderately strong lines of iron and other metals. 
Suppose that the blending is caused by such nearby lines of a metal M with a 
mean lower excitation potential 7. Then we must replace A,n(7)) by a term 
A,Pn(M, 7.7 ) where n(M, 7) is the number of metal atoms at a depth 7» in 
the excited level 7. 

The Pb / 3639-526 line which is blended with Co / 3639-451 offers another 
example. Here the wing of the cobalt line forms the effective “‘continuum” 
upon which the lead line is superposed. A rough first approximation could 
be obtained by assuming a mean line absorption coefficient and adjusting the 
shape A, to fit the point in the cobalt line profile where the lead line appears. 
A more rigorous procedure is the following: 

The element of optical depth in the true continuum may be written 


dr, = p dh 


where «" includes the mean effect of possible weak unidentified blends and the 
wings of distant lines. The element of optical depth in the wing of the cobalt 
line at the point where the lead line falls is 


dr? = + [p(Adp)]p dh 
while for a point in the lead line itself we have: 
dt, = [k, + /p(Adp) + dh 


where we neglect the variation of the perturbing cobalt line across the profile 
of the lead line. In a rigorous procedure we would first have to compute the 
profile of the cobalt line and secure agreement with its observed center—limb 
variation. Then we would treat this cobalt line as the continuum upon which 
the lead line is formed and carry out a calculation of its equivalent width. Such 
a program would require the use of electronic computers and extensive 
calculations. 

Figures 8 and 9 show lines of gallium and of gold with which we have to 
work. These examples will illustrate the observational difficulties encountered 
in some of the weaker lines characteristic of the less abundant elements. For 
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most elements the greatest difficulties are those imposed by our poor information 
about the f-values or transition probabilities. 


8. PROBLEMS OF MORE ABUNDANT ELEMENTS 


For some elements a determination of excellent curves of growth is possible, 
since the relative transition probabilities are known. Since the absolute 
transition probabilities are not known or are poorly determined, the actual 
abundance is correspondingly poorly established. In some instances we attempt 
to estimate the transition probabilities from theory; for other elements the 
f-values are determined experimentally. A variety of methods are available: 
the atomic beam method employed by KOPFERMANN and WESSEL (1951) and by 
BELL, Davis, ROUTLY and KING (1958), the whirling fluid arc developed in 
the laboratory of LOCHTE-HOLTGREVEN (1952) at Kiel, the luminous shock 
tube employed, for example, by DOHERTY (1959) in Laporte’s laboratory at 
Michigan. If the vapour pressure of a gas is well enough known as a function 
of the temperature and if the temperature can be maintained constant in the 
heated gas, one can use an electric furnace to obtain f-values. Usually the 
experimental difficulties are such that only relative f-values can be measured. 
Sometimes an electric arc method can be used to obtain f-values as has been 
demonstrated by ALLEN (1957). One employs an arc containing metals whose 
absolute f-values are known and also metals whose f-values are to be determined. 
Then, from the relative intensities of the various spectral lines, and an accurate 
knowledge of the chemical composition of the arc alloy, the temperature of the 
arc and the f-values of the program metals are determined. This is the sim- 
plest of the methods but the sharp temperature inhomogeneities in the vapour 
between the pole pieces imposed a number of difficulties. 

For a very few elements moderately good experimental transition probabilities 
are available and it is possible to obtain reasonably reliable abundances. One 
of these elements is copper, for which VAN DEN BOLD (1945) measured relative 
f-values. KiNG and STOCKBARGER (1940) measured absolute f-values of the 
resonance / 3247 and / 3274 lines with an electric furnace. More recent work 
by BELL, DAvis, KING and ROUTLY (1958) who used an atomic beam gave results 
differing from the earlier work by a factor of 1-5 after the latter had been 
corrected for an error in the vapour pressure measurements. Theoretical 
calculations by VARSAVSKY (1958), by the BATES-DAMGAARD tables (1949) and 
by the f-sum rule with an f-sum of 1:0 give f-values that appear to be about 
twice too large compared with the atomic beam methods. 

In the Michigan solar abundance program GOLDBERG, MULLER and ALLER 
(1960) used eight faint to moderately strong lines in the wave length region 
4 4400-A 8100. The resonance lines 2A 3247-3274 not only fall in a part of the 
solar spectrum where the dependence of the continuous absorption coefficient 
on the depth is poorly known, but are so strong that a knowledge of the colli- 
sional damping constant is necessary in order to make use of them. Such 
information is not available at present. 

The relationship between log W/A and log Ngf4, the curve of growth, where 
N is the number of copper atoms/gram of solar material, may be calculated 
from the given structure of the solar atmosphere and the known term structure 
of copper. The term structure of copper is such that the curve of growth for 
iron is adequate for copper also. The Michigan workers used the PECKER 
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(1951) theory and the iron curve of growth computed by Exste (unpublished). 
As ordinate they employ log W/A and abscissa the quantity 


log C = log gf + Ay, + log Lf. 


Here 
Ax = Zion — Xe 
where ion is the ionization potential and z, is the excitation potential of the 


lower level of the transition involved. Also, 6, = 5040/7, where T, is some 
conveniently chosen temperature in the solar atmosphere. Also, 


+2 
= — dx 


here 
x= logio 


where 7, is the optical depth in the continuous spectrum at 45000. The 
weighting function g?(x) is computed for the center of the solar disk. Finally, 
the distribution of metallic atoms capable of absorbing the line in question is 
given by the function 


Here g,,, is the statistical weight of the lower level of the transition involved. 
The fraction of all atoms capable of absorbing the particular line in question is 
n,,./2n,, While «%q is the continuous absorption coefficient at the standard 
wave length. 


Table 1. Curve of Growth Data for Copper. (After GOLDBERG, 
MULLER and ALLER (1959)) 


Multiplet | Ay | 4A) | Az | loggf (A log C | log WIA 


4s? D-4p?P°| 5/2-3/2 | 5105-55 — 2:39 | 82 2:764 | — 4-794 
3/2-3/2 | 5700-30 — 2:92 | 14 : 1:982 | — 5-607 
3/2-1/2 | 5782-10 — 2°85 | 32 : 2:053 | — 5-254 
4p? P°-5s?S | 1/2-1/2 | 7933-16 — 1-41 | 22 ; 1-408 | — 5-557 
3/2-1/2 | 8092-64 — 1:09 | 38 : 1-704 | — 5-328 
4p? P°-4d? DD} 3/2-5/2 | 5218-21 — 0°63 | 48 : 2°202 | — 5:037 
3/2-3/2 | 5220-09 — 1°58 | 14 12521 5512 
4p? P°-6s2S | 1/2-1/2 | 4480-39 — 0:94 8 1:933 | — 5:748 


Table 1 gives the curve of growth data for copper. The first column gives 
the multiplet, the second the J-values for the lower and upper levels, respectively. 
The fourth column gives Ay for the lower level of each transition, while the fifth 
column tabulates the log gf values. The /-values are taken from the experi- 
mental van den Bold measurements combined with the absolute /-values obtained 
from the atomic beam method. The remaining columns give the adopted 
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equivalent width, the integral L¥, the abscissa log C, the value of the ordinate 
log W/A, and information on the blends. Lines of quality D are badly blended. 
Figure 10 exhibits the final curve of growth. The abundance of copper with respect 
to hydrogen is found by reading the ordinate of the straight line in Fig. 10 
corresponding to log C = 0. It is log N = — 6-96. 

An essentially similar procedure may be followed for iron and a few other 
elements for which experimental /-values are also available. For elements such 
as chromium, titanium, nickel and cobalt, for which many suitable lines are 
available, it suffices to give a treatment of the type employed by GOLDBERG, 
MULLER and ALLER (1960). The limiting factor lies not in the observations but 


-4 


log C 


Fig. 10. Curve of growth for copper in the sun. (After GOLDBURG, MULLER 
and ALLER.) 


in our knowledge of the f-values. Hence new observations and analyses based 
on more refined solar models seems scarcely worthwhile, at least until the 
accuracy of the /-values are greatly improved. 

Certain other elements, such as lead, gold, ytterbium, are represented by so 
few lines that detailed observations and analyses directed to the individual 
circumstances of the blending of each line are in order. In our new program 
at Michigan we have attempted to carry out detailed studies for a number of 
elements including Pb, Yb, Au, In, Ag, Ru, Rh, Pd, Zr, Be, Li, Ga and Ge. 
Lithium and beryllium are important for studies of the structure of the outer 
layers of the sun. GREENSTEIN (1954) shows that a comparison of the abundances 
of these elements with respect to, e.g. iron in the sun and on the earth, could 
give us some clues to the depth at which mixing occurs in the sun since both Li 
and Be are destroyed by nuclear reactions at temperatures well below that of 
the center of the sun. At the other end of the periodic table, the lead/gold 
ratio is important to establish the efficacy of certain nuclear processes recently 
postulated in theories of element building (CAMERON, 1959b, M. and G. Bur- 
BIDGE, FOWLER, and HoyLe, 1957). Gallium and germanium appear to show 
opposite abundance ratios in the earth’s crust and in meteorites. 

Ruthenium, columbium (niobium), rhodium, and palladium are among those 
elements for which experimental /-values are non-existent and whose lines are 
very faint and often affected by blends. Typically, these lines fall on the wings 
of strong lines of abundant elements, or at the intensity peaks between strong 
lines, or are more or less seriously blended with lines of comparable intensity 
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due to other elements. All of the lines of Pd fall between A 3200 and A 3600, 
the rhodium lines occur between / 3400 and A 3700, and seven of the ten lines 
of ruthenium fall between A 3300 and 3800. The ultra-violet spectrum of the 
sun contains many overlapping lines which makes the analysis difficult (cf. 
our discussion of Pb). New observations from the center to the limb have been 
obtained but analyses are not yet complete. GOLDBERG, MULLER and ALLER 
(1959) considered only the lines involving 5s—Sp transitions (i.e. single electron 
jumps) for which they assumed LS coupling and an f-sum of 1-0. They used 
approximate L¥ functions except for columbium. Most of the lines fall on the 
straight line portion of the curve of growth. Columbium and ruthenium show 
a relatively small scatter about a straight line curve of growth, but palladium, 
whose lines are rather seriously blended, shows a considerable scatter. Hence, 
in compiling our final list of abundances for the sun we must emphasize again 
and again the uncertainties imposed by our lack of knowledge of accurate 
f-values. Our solar abundances are no better than the values on which they 
are based. With this limitation in mind, let us compare the abundances of the 
metals in the sun with the corresponding figures for chondritic meteorites. 
The meteoritic data are taken from a compilation by MACDONALD (1959) 
from material by Urry and CraiG (1953) and by Wuk (1956). Our Table 2 is 


Table 2. Comparison of Sun and Chondritic Meteorites 
log N 


Meteorite Sun 
(M) 


4-693 4:80 | 
Al 4-898 4:70 | +0-20 
Mg | 5-970 590 | +0-07 
Si 6-000 6-00 0-00 
P 3-658 3-84 | —018 
5-018 5-80 | —0-78 
K 3-774 3-20 | + 0°57 
Ca 4-743 4:65 | +0-09 
Ti 3-356 3-18 | + 0-18 
Cr 3-888 3-86 | + 0:03 
Mn | 3-751 3-40 | +0:35 
Fe 5-853 5-07 | +0:78 
Co 3-344 3-14 | + 0-20 
Ni 4-561 455 | +0-01 


the same as MacDonald’s Table 7 except that the most recent /-value estimates 
have been incorporated into the solar data. For most elements the agreement is 
very good. Manganese, cobalt, aluminum, potassium, and particularly iron, 
are under-abundant in the sun compared with the meteorites. The f-values for 
the first three of these elements are uncertain; the potassium abundance is 
extremely sensitive to the model of the solar atmosphere. If the uppermost 
layers are hotter than we have supposed or if the ionization of potassium is 
greater in these layers, the solar abundance of this element will be increased. 
The iron abundance is based on f-values obtained by the atomic beam method. 
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Because of the great astrophysical importance of this metal a considerable 
effort has been expended to obtain reliable f-values and the results by KOPFER- 
MANN and WESSEL (1951) are in good agreement with those by KING et al. 
(1954). We must conclude that the discrepancy between the sun and meteorites 
is real, although its magnitude may be much smaller than we have supposed 
if the solar silicon abundance is in error. 

MacDonald has remarked that it is possible to construct models of the 
earth that are in agreement with either the solar or the chondritic meteorite 
abundances without violating any important data. It is quite clear that if our 
solar abundances are not grossly in error and if the Earth’s interior is constructed 
from the non-volatile constituents, there is simply not enough iron to provide 
a pure nickel-iron core of the requisite dimensions and something akin to the 
nickel-iron-silicate core proposed by MACDONALD and KNoporF (1958) is to 
be expected. On the other hand, if molecular diffusion has altered the composi- 
tion of the outer layers of the sun in favor of the lighter elements, no agree- 
ment is to be expected. The difficulty with appealing to diffusion is that the 
abundance discrepancies between meteorites and the sun should show a strong 
dependence on atomic weight. 

Sulphur would appear to be more abundant in the sun than in the meteorites. 
Similar results are found for the young B-type stars, e.g. ALLER and JUGAKU 
(1959), and the Orion nebula, LILLER and ALLER (1959). The point may be 
raised that the young stars and the interstellar medium from which they have 
been formed have an appreciably different composition than has the sun. 
As previously noted, in the course of 4 x 10° years the interstellar medium has 
been steadily enriched in heavy elements by material added from the process of 
element-building in stars. As the stars evolve and manufacture heavy elements 
out of helium they eventually expand and lose their outer envelopes in space. 
By this process the interstellar medium is continually being enriched in heavier 
elements although the rate of addition of material and its exact composition is 
unknown. The abundances of the other light elements in the early-type stars 
seems closely comparable with that found in the sun. Recall that the abun- 
dances of the noble gases, helium, neon, argon, cannot be found in the sun, 
and we have to infer them from the data of gaseous nebulae and early-type 
stars. 

Table 3 gives the abundances of the elements in the sun as obtained by 
GOLDBERG, MULLER and ALLER (1960). The starred values are obtained from 
other stars which show roughly the same abundances as the sun for C, N, O, 
Mg, Al, and Si, but whose higher temperatures permit them to exhibit also the 
lines of F, Ne, Cl, and A. Sulphur remains an outstanding problem. The B 
stars and the Orion nebula appear to have a greater concentration of sulphur 
than has the sun or the chondritic meteorites. Perhaps this increased concentra- 
tion of sulphur in these objects only reflects the effects of element-building 
processes in stars. 

To summarize, the composition of the sun resembles that of the chondritic 
meteorites and probably may be taken as the primordial composition of the 
solar system. Unfortunately, our solar abundance data are incomplete because 
of the following factors: 

(1) Not all elements are represented by lines in the observable solar spectrum. 
The elements identified in the sun are listed by Moore (1953). The strongest 
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Fig. 11. A portion of the solar spectrum observed with high dispersion. The wiggly 
character of the lines arise from the Doppler effect of masses of absorbing atoms 
moving in the line of sight. These moving elementary masses are believed to be 
associated with the fine structure or “granulation” of the solar photosphere. The 
fine details are often wiped out by bad seeing, i.e. the effects of unsteadiness in the 
earth’s atmosphere or by the use of a long slit as is necessary in making photoelectric 
tracings. (McMath-Hulbert Observatory of the University of Michigan.) 
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Table 3. Abundances of Elements in the Sun 


log N log N log N 


H 10-50 A 41* Sr 1:10 
He 9:65* K 3-20 ¥ 
Li — 0-54 Ca 4°65 Zr 0-73 
Be 0°86 1°32 Cb(Nb) 0-45 

348 Mo 0-40 

6°48 2220 Ru — 0:06 
O 7:46 Cr 3-86 Rh — 0°72 
F 5-0* Mn_ 3-40 Pd — 0-29 
INé Co 3:14 Cd — 0:04 
Na 4-80 Fe 5:07 Ag — 0°86 
Mg _ 5:90 Ni 4°55 In — 0°34 
Al 4:70 Cu 354 Sn + 0-04 
Si 6:00 Zn 2:90 Sb + 0°44 
P 3-84 Ga 0:86 Ba + 0-60 
S 5-80 Ge 1-79 Yb + 0:03 
Cl 4:8* Rb 0:97 Pb — 0°44 


* The values represent the “best estimates” taken from the work of GOLDBERG, MULLER 
and ALLER (1959), except for the starred values which are adopted from the abundance studies 
in hotter stars. 


lines of Cs, Re, Tl, Bi, and U fall in the observable part of the solar spectrum, 
but these elements have not been found. On the other hand, the ultimate lines 
of the halogens Cl, Br, and I, the noble gases and Hg, Te, and Se, fall in the 
inaccessible ultra-violet. Radium and the other radioactive elements are not to 
be expected. Mercury is not observed in the sun; the lines used by CLAAS 
(1951) in his abundance determination are probably spurious. Some of these 
elements ultimately may be observed in the presently inaccessible ultra-violet 
spectrum of the sun. Helium is in fact observed in the solar chromosphere, 
and the forbidden lines of [AX] appear in the solar corona. The excitation 
conditions of the chromosphere and corona deviate so far from thermodynamic 
equilibrium that these lines cannot be used for abundance determinations. 

(2) Some elements such as cadmium, gold, and thorium are represented only 
by single lines. Elements of low ionization potential, lithium, rubidium and 
indium, are observed in the sunspot spectrum while boron and fluorine are 
observed only in the compounds BH, MgF and SrF. Ultimately, we will be 
able to get abundances for boron and fluorine from the lines of their compounds. 

(3) For some elements, notably the rare earths, not only are f-values lacking 
but the term analyses are so incomplete that partition functions cannot be 
computed so the ionization equation cannot be solved. For most elements, as 
previously noted, the limiting factor is the poor data on the f-values. In the 
future, improved observational data combined with better information on the 
f-values will enable us to obtain more reliable abundances. Observations from 
satellites of the spectrum of the heretofore inaccessible ultra-violet may add 
information on those elements whose lines are hidden in this region. 

(4) Ultimately, we shall obtain improved models of the solar atmosphere 
which should take into account the fine structure responsible for the fluctuations 
exhibited by the granules and the “wiggly” lines (see Fig. 11). 
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Finally, we may express the hope that the primordial composition of the solar 
system may be solved by explorations with space ships. First, we may obtain 
samples of the Moon, Mercury and of the atmosphere and surfaces of Mars 
and Venus. The surfaces of Mars and Venus have certainly been affected by 
their atmospheres and the moon and Mercury may give us no more information 
than the chondritic meteorites. The asteroids can be sampled; they will have 
almost certainly the same composition as the meteorites. Probably the true 
primordial composition of the solar system can be found from analysing samples 
taken from the satellites of Saturn. These objects are so cold that the substances 
that are volatile in our part of the solar system—water, ammonia, etc.—are 
frozen out. An even better sample might be obtained from the satellites of 
Neptune. It is possible that within the next century significant clues to under- 
standing our own earth will come from space exploration. Just as the astro- 
nomer obtains a better idea of the structure of our own galaxy from a study of 
the Andromeda and other spirals, so may the geophysicists and geochemists 
obtain a better idea of the structure of our earth from a study of the other planets 
of our solar system. 
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I. INTRODUCTION 


I.1 Definition of Problem 

THE magnetic field at the Earth’s surface can be shown, by spherical harmonic 
analysis, to consist of two parts, namely, that due to sources located within the 
Earth, and the remainder having its origin outside the Earth. These components 
are usually called the “internal” and “external” fields, respectively. The latter, 
which is only a small fraction of the total field, is due to electric currents in the 
ionosphere, and undergoes rapid changes caused by tidal oscillations and by 
streams of charged particles from the Sun; it will not concern us further here. 
The former, the internal magnetic field, is nowadays believed to be due in some 
way to electromagnetic induction associated with hydrodynamical flow in the 
Earth’s liquid, electrically conducting core (if we ignore a slight contribution to 
the internal field due to induced currents near the surface caused by the changes 
in the external field). This field may be regarded as having two parts, namely, 
the main dipole field and the residual irregular non-dipole field. At the surface, 
the dipole component is much stronger than the irregular field, but, owing to a 
slower variation of the former with depth, in the upper reaches of the core (at 
about half the Earth’s radius from the centre) these fields are probably of 
comparable strength. 

Neither component is constant in time. Although the dipole field has hardly 
varied over the few centuries that observatory records have been kept, there is 
evidence from the study of the magnetization of rocks that several hundred 
reversals in direction of this field have occurred since the pre-Cambrian (10° 
years ago). The non-dipole field undergoes much more rapid fluctuations. 
Observatory records reveal large changes in this field over times of the order of 
decades, and in addition to a changing field pattern a general westward drift of 
the field seems to have been occurring for several centuries now. 

Until only a few decades ago the geomagnetic field was an isolated pheno- 
menon, and consequently very hard to account for satisfactorily. Attempts to 
provide a theory were hampered by lack of any knowledge of the Earth’s internal 
structure, and it is hardly surprising, therefore, that virtually no progress was 
made (CHAPMAN and BarTELS, 1940). Nowadays we have some knowledge of 
the Earth’s interior, and there is evidence that magnetic fields are present in other 
regions of the cosmos (e.g. certain stars, including the Sun, and in interstellar 
space). As a result, much progress has been made in the past twenty years 
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towards an explanation of the geomagnetic field, although imperfections in our 
knowledge of the Earth’s interior combined with serious mathematical difficulties 
have rendered the problem hard to solve, and much remains to be done. 
Investigations have proceeded prudently by means of theoretical studies of 
highly idealized models, and gradually a body of theoretical knowledge has 
been built up. As this knowledge increases, so the extent to which the origin of 
the Earth’s magnetism is understood can be said to improve. 

Through the efforts of several investigators, notably Elsasser and Bullard, who 
have independently developed the theory of homogeneous dynamos (Sec. V) the 
dipole field is now fairly well understood, although some difficulties remain to 
be overcome, including that of explaining reversals (Sec. VII). The non-dipole 
field, with its more rapid secular changes, has also been the subject of recent 
theoretical studies which have met, perhaps, with rather less success than those 
of the dipole field. However, on certain aspects of the problem, general agree- 
ment seems to have been reached, namely that the geomagnetic field is due to 
ordinary electric currents which circulate mainly in the Earth’s liquid electrically 
conducting core, and that these currents are the result of inductive interaction 
between hydrodynamical motion and magnetic fields in the core. 

In writing this article on recent progress in this subject, we have aimed at 
complementing a number of excellent reviews that have appeared in recent years 
(e.g. ELSASSER, 1950c, 1955, 1956a; INGLIS, 1955; RUNCORN, 1956a), entering 
into details only when they are required as a background for some following 
discussion, or when, though important, they have not been given elsewhere in a 
similar context. 


1.2 The Earth’s Interior 


The Earth is an almost spherical body of radius (R,) 6400 km. Seismology has 
shown that, apart from a thin surface crust of variable thickness (~ 30 km), it 
has an internal structure which is nearly spherically symmetric. In the region 
between the radii of (R,) 3500 km and R,, the Earth can transmit shear waves and 
this has led to the conclusion that it is a solid as far as short period disturbances 
are concerned. This region is called the mantle. Below the mantle is a region 
which cannot transmit shear waves and which must, therefore, be a fluid. It is 
called the core, and its density (p) is about 10 g/em*. There is some fairly strong 
evidence that there is a solid central body in the core whose radius lies between 
1300 and 1400 km. 

The mantle is thought to consist mainly of magnesium and iron-rich silicates. 
The temperature and, of course, the pressure in it increases with depth and these 
produce variations in its electrical properties. At a depth of 500 km, the elec- 
trical conductivity is at least 10-1? e.m.u. while, at the base of the mantle, it is 
probably about 10-%e.m.u. (the available data are summarized by Tozer, 1959, 
in Volume 3 of this series). The core is thought to consist mainly of a mixture of 
iron and nickel. Its electrical conductivity (a) is thought to be about 3. 10~* 
e.m.u. The uncertainty in this value is unknown but has been given as a factor 
of 3 either way (see TOZER, Joc. cit.). Its (kinematical) viscosity (v) is extremely 
uncertain, and estimates varying from 10-* to 10% sec! have been offered, of 
which the latter is certainly an extreme upper limit, and it seems likely that 
10-* cm? sec! < » < 10*cm?*sec~!. Most conclusions are insensitive to the 
value chosen (see Sec. I.4 below). Because of the high temperatures within the 
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Earth, there is no reason to believe that the magnetic permeability () differs 
appreciably from unity (see CHAPMAN and BarTELS, 1940). 


1.3 Classification of Magnetic Fields 


In describing the field within the Earth, we shall often use the terms “‘toroidal” 
and “‘poloidal.”” Any magnetic field B may be expressed in the form 


B = curl Tr + curl? Sr, ee 


where r is the radius vector from a fixed origin, taken to be the geocentre. The 
part curl 7r is said to be the toroidal field, and the part curl? Sr is said to be the 
poloidal field. The toroidal field lies entirely in surfaces of constant r = |r|, and 
if T is axi-symmetric, its lines of force are azimuthal about the axis. To the 
extent that the Earth’s surface is spherical and its exterior an insulator, any 
internally generated toroidal field must vanish outside the Earth and on its 
surface. Thus, the field we measure is the poloidal part of the main field. 
Assuming the exterior of the Earth to be an insulator, it is easily shown from (1.1) 
that in external regions V2S = 0, whence the field outside the Earth and on its 


surface is 
B= — grad V, (V = — O(rS)/ér). 


This is the basis of the spherical harmonic analyses of the geomagnetic field 
(Sec. II.4 below). The extrapolation of the result of such analyses back to the 
core boundary suggests that the strength of the poloidal field at the core boundary 
is about 4 gauss. In principle, the existence of toroidal fields within the Earth 
could be demonstrated experimentally by measuring the poloidal electric fields 
with which they are associated. In practice, however, these electric fields have 
proved to be too weak to be detectable (Lowes, private communication). The 
existence of a toroidal field has, however, been inferred by indirect arguments 
(Sec. III.2, V.2) and may even be of the order of hundreds of gauss deep within 
the core. Some of its associated poloidal electric currents will leak out of the 
core, but, because of the poor conductivity of the mantle, it is unlikely that the 
toroidal field produced in this way is stronger than a few tens of gauss at the 
base of the mantle. 


1.4 Some General Remarks on Hydromagnetics 


Palaeomagnetic measurements have proved that the main geomagnetic field 
has existed throughout geological time, and that its strength has never differed 
widely from its present value (Sec. II.7). The dipole moment due to a freely 
decaying system of electric currents in a sphere as large as the Earth and with 
the electrical conductivity o’ of copper would be associated with a time constant,* 


4uo’ ~ 10° years, 


and this is much less than the age of the Earth (about 4. 10° years; see, for 
example, AHRENS, 1956). This decay time is even shorter for the higher har- 
monics, and it is unlikely that an allowance for the fluid nature of the core 
would lengthen any of these decay times greatly. Thus, the geomagnetic field 
cannot be a relic of the past, and it is necessary to find an agency which con- 
tinually maintains it against ohmic losses. One possibility is that the currents 


* Electromagnetic units are used throughout this article. 
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are maintained by thermoelectric forces (ELSASSER, 1939; RUNCORN, 1954), but 


no one has been able to show that potential differences greater in value than a 
very small fraction of that required can be produced in this way (see RUNCORN, 
1956a). It is now generally believed that the currents are maintained by electro- 
magnetic induction produced by the motion of the conducting fluid of the core 
across the geomagnetic field itself (Sec. V). This process may be pictured in 
terms of the stretching and crowding together of lines of force by fluid motions. 
It is well known that a moving conductor tends to carry tubes of magnetic flux 
with it in its motion. This tendency is complete if the conductivity is infinite since 
then the electromotive force that would be generated by the relative motion of 
fluid and tubes would set up infinite currents. In a finitely conducting medium, 
there is generally, a drift between flux tubes and fluid particles, and the lines of 
force tend to diffuse, i.e. push themselves apart and contract in length. If the 
fluid motions are able to counteract this tendency, the field is self maintained 
and the energy the fluid motions have to expend in preventing the diffusion of 
the lines of force appears as fresh magnetic energy to replace that lost by ohmic 
dissipation. It is clear that the fluid motions must be appropriately directed 
and also must be sufficiently rapid to stretch and compress the tubes of force 
appreciably in the time in which they would otherwise have decayed away, i.e. if 
U is a typical velocity of motion in the core, R,/U must be short compared to 
4ucR®/7. This is equivalent to the statement that inductive effects play an im- 
portant role in a system (of typical dimension L) if its “magnetic Reynolds 
number” is large, i.e. 


R, = UL/A> 1, 
where 
A = 


is the “‘magnetic diffusivity” in e.m.u. 
Criterion (1.3) is easily satisfied by the Earth’s core. Writing 


#=lem.u., o = 3.10-*em.u.,, 
we find 
A =~ 3.104 cm? 
and (1.3) becomes 
UL 3. 104 cm? sec. 


For the core as a whole, this defines a critical velocity of only 10-4 cm sec“, and 
even for induction in an eddy of only 300 km radius, it is only 10-* cm sec™. 
The available evidence (from the westward drift, for example) suggests that the 
horizontal motions in the core are of the order of 10~' cm sec and, although the 
vertical velocities may be much less than this, they are still likely to be greater 
than 10-% cm sec (Sec. V.2). Thus criterion (1.3) is easily satisfied. It should 
be noticed that these velocities imply that the kinetic energy density in the core 
does not exceed 10~! erg cm~*, whereas the magnetic energy density must, as we 
have seen, be at least of the order of 1 erg cm~* and may well be considerably 
more (Sec. III.2, V.2). It follows therefore, from equation (1.5) and the estimate 
given for the viscosity in Sec. 1.2, that ohmic losses are the main source of dissi- 
pation in the core (HiDE, 1956a, Volume 1 of this series). 

We have seen that, since R, is large for the core, the lines of magnetic force 
can be considered as tied to the fluid in its motion, thereby imparting a “rigidity” 
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which opposes the motion. In an equilibrium state, the magnetic fields and fluid 
velocities will have those values for which there is a balance between the Lorentz 
forces and the other forces in the hydrodynamical equation of motion. In this 
condition the rate at which the forces driving the motion supply energy to the 
system must equal the (sum of the) rate of dissipation by viscosity and the rate 
at which fluid motions generate magnetic energy by induction. This latter rate 
must be equal to that at which energy is dissipated by Joule heating. The 
equilibrium state may correspond to equipartition between magnetic and kinetic 
energy, but this need not necessarily be so; in fact, it may only be characteristic 
of very simple systems. 

A magnetic field much less than the equilibrium value would, in general, be 
amplified at the expense of the kinetic energy. This amplification would 
continue until the equilibrium state was reached or, possibly, the system would 
overshoot the equilibrium state and oscillate about it indefinitely (Sec. VII). 

It is clear from this discussion that the magnetic fields and fluid motions in the 
core are indissolubly linked through the equations of hydrodynamics (modified 
by Lorentz forces) and Maxwell’s equations (modified by motional induction). 
The study of such systems is called magneto-hydrodynamics or, more briefly, 
hydromagnetics (see, for example, ALFVEN, 1950; ELSASSER, 1950a; LUNDQUIST, 
1952; CowLiInG, 1957; DUNGEy, 1958). 

In 1942, Alfvén showed that hydromagnetic systems are capable of trans- 
mitting energy by a wave motion. In the absence of a magnetic field, shear 
(S) waves in a fluid are quickly damped, but, in the presence of a sufficiently 
strong field, the S-waves can be carried down the lines of force to great distances 
with little attenuation. This process can be visualized simply. As we remarked 
earlier, the magnetic fields prevailing in an infinitely conducting fluid can be 
pictured as bundles of flux tubes each of which holds its fluid particles within 
it forever. Each of these tubes not only repels its neighbours but also is in a 
state of tension. Let us consider the effect of the tension. This makes each tube 
behave like an elastic string and, if p is the density of the fluid and S is the 
cross-sectional area of the tube considered, the mass per unit length of the string 
is pS and the tension in it is B°S/87y (B is the field strength). Thus the tube can 
transmit transverse waves in either direction along the tube with velocity 


= 


This result is not quite accurate since we have ignored the repulsive forces 
between the tubes, and these affect the wave velocity. When allowances for 
these have been made (ALFVEN, 1950), the (phase) velocity of propagation of 
these waves, which will be termed the Alfvén velocity V, is given by 


V = 


Since this does not depend on wavelength, the waves are non-dispersive, and 
their group velocity is also equal to V. In the core, V has a value of 0-4 cm sec! 
for a field of 4 gauss, or about 40 cm sec for a field of 400 gauss. It is clear 
that since the toroidal field has no radial component, the time taken for Alfvén 
waves to rise from a source deep within the core to its surface is independent of 
the strength of the toroidal field which, however, will modify the path of the 
wave to the surface. 

In the presence of rotation, the Alfvén velocity is no longer given by (1.6) 
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except when the field B is perpendicular to the axis of rotation. In general, 
polarization effects arise, any disturbance being split into two components 
travelling with different phase velocities V,, Vj. In the simple case in which the 
axis of rotation is parallel to the magnetic field, it can be shown (LEHNERT, 1954, 


1955) that 
B 


where { is the angular speed of rotation and / is the wavelength of the distur- 
bance. Thus, these waves are dispersive, the group velocity for both polariza- 


tions being equal to 


In the case of the core, taking / to be 3000 km, this group velocity ranges from 
about 0-5 cm sec for a field of 400 gauss to about 5 . 10-° cm sec“ for a field 
of 4 gauss. 

It is instructive to compare the rates at which different processes propagate 
disturbances in the core. If we ignore the fluidity of the core, diffusion is the 
only mechanism which can take electromagnetic energy from its place of origin 
to any other point. The time taken to travel a distance L is of the order of L?/A, 
this time delay being a result of induced currents. The Joule heating associated 
with these currents attenuates the disturbance heavily. Thus we may surmise 
that, when we allow for the fluidity of the core, diffusive processes will be 
important when L?// is less than the time taken by advective motions or Alfvén 
waves to carry the energy, i.e. if 


LA <L|U, 
12/1 <LV, 


1, 
Ry =LW/A< a 


We have shown that in the core it is extremely unlikely that either criterion is 
satisfied. Consequently we may conclude that diffusion plays a small part in 
energy transport in the core. 

Disturbances will travel at the greater of the two speeds U, V. It is, therefore, 
convenient to introduce the parameter 


M = U/V, 


which is clearly analogous to the Mach number of compressible fluid dynamics. 
We have seen that U is of the order of 0-1 cm sec~!. We have also shown that, 
depending on the angle between the field and the axis of rotation, V can take 
values ranging from 40 cm sec~! down to 0:5 cm sec for a field of 400 gauss, or 
values from 0-4 cm sec! down to 5. 10-> cm sec™ for a field of 4 gauss (taking 
/ = 3000 km, as before). Thus M is small and there can be little doubt that 
disturbances will be transmitted with the Alfvén velocity except in regions where 
the field happens to be weak and makes a small angle with the axis of rotation. 
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Theoretical Models—Classification 


Denoting by w the fluid velocity relative to a frame rotating with the Earth 
(angular velocity &2), the equation of motion of the fluid core is 


ou 1 
where p is the hydrostatic pressure and F represents the body forces driving the 
fluid motions. Since the fluid velocities are so small compared to the speed of 
sound, the equation of fluid conservation is closely 


divu = 0. eee 


Since the periods of interest are so long compared with the time taken by 
electromagnetic waves to cross the core, we may ignore this latter time and, with 
it, displacement currents. Thus, by Maxwell’s equations, the electric current 
and field (7 and E respectively) are related to B by 


yj = curl B, curl E = — cB/et, div B = 0, ina 


and, by Ohm’s law, 
j=o(E+u xX B). 


Hence, on eliminating E and 7 from these equations, 


= + curl x B). 
These are the full equations of magneto-hydrodynamics, and, were it feasible to 
solve them, they would provide the ideal approach to the geomagnetic field and 
its secular variation. However, this is not possible for a number of reasons. It 
is not known with certainty what physical mechanism is responsible for the 
driving forces F and, a fortiori, what form should be specified for them. Also, 
mathematically, the equations are quite intractible in their full generality, owing 
largely to the non-linear terms, particularly those present in equation (1.9). 
Consequently, a simplified procedure has been adopted in which a velocity 
field u satisfying equation (1.10) is chosen by guesswork, and inserted in equation 
(1.13), ignoring equation (1.9). The results of such “induction” problems (as 
opposed to what we shall term “hydromagnetic” problems, see below) have been 
quite fruitful, and would be directly applicable to the core if M were large there. 
However, some authors have tended to overlook this limitation in discussing 
the theory of the secular variation, as we shall see when these matters are dis- 
cussed in detail (Sec. VI). The process of solving induction problems often 
poses severe mathematical difficulties and it has been found convenient to divide 
them into two classes. The first bears on the origin of the main field, and enquires 
whether there exist solenoidal finite velocity fields in a sphere for which equation 
(1.13) has a solution which satisfies the boundary conditions and vanishes at 
large distances. The second bears on the non-dipole and secular variation 
fields, and enquires whether, granted the existence of a main field, the strength 
and distribution of the irregular fields can be accounted for by currents induced 
by a specified fluid motion across the main field. 
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Another approach to equations (1.9) to (1.13) has been adopted. One again 
supposes that the irregular fields are generated inductively from the main field 
and then assumes that the fields produced in this way are but a small perturba- 
tion of the main field. Equations (1.9) to (1.13) can then be linearized and 
solved much more easily. One advantage possessed by these ““hydromagnetic”’ 
models is that they allow for the fact that M is not large in the core (Sec. VI). 
Very crude non-linear models have also been considered in connexion with the 
reversals of the main field (Sec. VII). 


II. DESCRIPTION OF THE GEOMAGNETIC FIELD 


II.1 Magnetic Elements 


The geomagnetic field is a vector quantity F with components (X, Y, Z) 
directed northward, eastward and vertically downward respectively. The tradi- 
tional magnetic elements, H (horizontal force), D (declination) and J (inclina- 
tion or dip) are related to (X, Y, Z) as follows: 


H=(X?+ Y2?; Y=XtanD; Z=AHtanl. 


Direct measurements of these elements, which go back only a few centuries, 
have been made at both permanent and temporary observatories, most of which 
are located in the populated regions of the Earth. Consequently, secure and 
detailed knowledge of the behaviour of the geomagnetic elements is available 
for a limited region of space over a short (geologically speaking) period of time. 

Fortunately, thanks to recent studies of the magnetization of human artifacts 
such as hearths and of sedimentary and igneous rocks, we are not completely 
ignorant of the behaviour of the geomagnetic field in historical times before 
direct observations were made, and even in the very remote past going as far 
back as the pre-Cambrian (10° years ago). 

Fairly thorough accounts of observatory data have been given and summarized 
in a number of recent publications. Vestine and his collaborators of the Carnegie 
Institution of Washington (1947) have made an intensive study of all the 
available data for the period 1900-1945, and GAIBAR-PUERTAS (1953) of the 
Observatorio del Ebro has covered a somewhat longer period, extending back 
to the middle of the last century, in a little less detail. For detailed accounts of 
palaeomagnetic work, references are made to the following papers: NAGATA, 
1953; RUNCORN, 1955a, 1956; BLACKETT, 1956; GAIBAR—PUERTAS, 1953; 
Cook and BELSHE, 1958; IRVING, 1959; see also Advances in Physics, Vol. 6, 
No. 22 and No. 23, 1947). In this section, the picture of the geomagnetic field 
emerging from observatory data will be sketched in outline, and then the modi- 
fications of this picture that have resulted from palaeomagnetic studies will be 
considered. 


11.2 Direction of the Geomagnetic Field 


The principle of the compass is that one end of a magnetic needle freely 
suspended about a vertical axis points near the true north, the angle between 
these two directions, D, being small except near the geomagnetic poles. Direct 
measurements of D, and of /, the angle of dip, go back nearly 500 years at some 
observatories. The discovery of the secular variation (S.V.) is usually ascribed 
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to Gellibrand who found, in 1655, that D varies with time; the discovery that 
all the elements undergo secular changes came much later. 

The change in the direction of F may be represented by the motion of a point 
on a sphere cut by a unit vector drawn parallel to the F, the motion on a sphere 
being transferred, for convenience, on to a plane, by projection. Such curves 
representing the change in the direction of F have been prepared for a large 
number of observatories (see GAIBAR-PUERTAS, 1953). The longest series of 
direct observations come from London and Paris and cover four centuries; 
archeomagnetic studies of fired clays have yielded additional information 
(Fig. 2.1). The shape of this curve suggests that it could be explained in terms of 


55 


Inclination (degrees) 


Declination (degrees) 


Fig. 2.1. Changes in the mean direction of the Earth’s magnetic field since the Ist 

century A.D. The continuous black line represents observations at London since 

A.D. 1578 and the extension in short dashes represents Bauer’s extrapolations from 

observations at Rome. The rings show the average readings, corrected for Cambridge, 

of fourteen samples of fired clay, and the line of longer dashes the trend for the 
Roman period (after Cook and BELSHE, 1958). 


the geomagnetic pole precessing around the geographic pole at a rate corres- 
ponding to a period of about 500 years. However, the correlation expected on 
this picture between similar observations at different observatories all over the 
world is not, in fact, present, although there is one feature common to most 
stations, namely, the sense of motion along the curve (clockwise viewed along 
the vector). As we shall see this lack of correlation is due to the regional, 
rather than planetary nature of the S.V. field. The sense of motion along the 
curves has been interpreted by RUNCORN (1959) in terms of the “westward 


drift” (see below). 


II.3 Strength of Geomagnetic Field 

Most S.V. studies have been based on annual mean values of the elements, the 
averaging procedure getting rid of short period variations of external origin 
(magnetic storms, etc.), and curves showing the change of these mean values of 
the geomagnetic elements at many observatories can be found in the works of 
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VESTINE et al. (1947), GAIBAR-PUERTAS (1953), and others. The curves in Fig. 
2.2 show the variation of the element 


at a number of observatories all over the world. The element G has been chosen 
because it is unaffected by changes in orientation of the field due to a hypothetical 
dipole at the Earth’s centre, although changes in the strength of a centred dipole, 
or of the non-dipole or irregular field (Secs. I.1, II.4) will generally alter G. 

GAIBAR-PUERTAS has attempted to classify the curves of the G variation under 
five headings corresponding to five distinct types. Types I, II and III are, 
respectively, those with a strong positive gradient along the whole of their length, 
(e.g. curve /), those with a strong negative gradient (e.g. curve N), and those 
with a moderate gradient and two sign inversions during the last century (e.g. 
curves A, B, C, D). Many of the curves fall into one of these three categories 
and to this extent the classification is probably a good one. On the other hand, 
Gaibar—Puertas’ attempt to classify curves such as M as one of two further 
types, intermediate between the first and one of the other two of the principal 
types, is probably rather forced. 

Curves of type I arise in South Asia and Indonesia, of type II in South Africa 
and America, and of type II in Europe, North Africa and North and Central 
Asia. The maxima of all the curves of type III seems to lie near the year 1900 


Fig. 2.2. Selection of G records from a number of observatories (after 
GatBAR-PUERTAS, 1953). [G = (X2 + + 


Geographic longitude 


Name of observatory 


degrees minutes degrees minutes 


Greenwich (London) . : +51 28 00 
Stonyhurst (England) . ‘ 4- 53 51 32 
Val Joyeux (Paris) ; : + 48 49 01 
Slutsk (Pavloosk) + 59 41 29 
Coimbra (Portugal) : - + 40 12 35 
San Fernando (Spain) . : + 36 28 02 
Zuy (U.S.S.R.)_. + 52 28 02 
Zinsen (Korea) . : : + 37 30 38 
Colaba (India) . + 18 54 49 
Dehra Dun (India) : : + 30 19 03 
Shanghai (China) . + 31 15 29 
Tokyo (Japan) . + 35 41 45 
Watheroo (Australia) . : — 30 19 52 
Honolulu (Hawai) + 21 19 56 
Toronto (Canada) ; ; + 43 40 30 
Cheltenham (U.S.A.)_ . + 38 44 10 
Pilar (Argentina) . 2 : — 31 40 07 
Mauritius. E ; : — 20 06 57 33 


Fig. 2.2 (a); A, B, C, D, E, F: 2.2 (6); G, H, I, J.: 2.2(€¢); K,L,M,N: 2.2(d); O- 
2.2 (e); P: 2.2(f); Q: 2.2(g); R. 
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and the minima-about 30 years later. It may be significant that the region of 
very strong decrease near South Africa trebled its rate of change only a few years 
before 1900 (BULLARD, 1948). 

Before entering into further discussion of the details of these changes, however, 
let us examine the overall picture revealed by spherical harmonic analysis of the 
field. 


II.4 Spherical Harmonic Analysis 


The “external” and “internal” components of a magnetic field known over a 
spherical surface (Sec. I.1) can be obtained by a method first used by Gauss. If 
no electric currents are present in the neighbourhood of this surface, F may be 
written as the gradient of a scalar potential — V which satisfies Laplace’s 
equation. V can be expressed as a series of spherical harmonics 


n r\” R n+1 
V=R,> P” (cos (z) +(1- cn (=) | az cosm¢ 


n=O0m 


r\” R n+1 

+ {sz (7) +(1— | sinm |, 
R, r 

where R, is the radius of the Earth (r, 0, 6) are spherical coordinates, 4 being the 

geographical colatitude, C’”, S” are the portions of the harmonic terms of 

external origin and A™, B” are the coefficients of the spherical harmonic series. 

By differentiating it may be shown that at the surface of the Earth 


n 


X= (dP” (cos 0)/d0)[A™ cosm¢ + B” sin m 4], 


Y= > D mr (sin 6)-P™ (cos 6)[A™ sin md — B™ cos md], 


0m=0 


= P” (cos #)[{nC™ — (n + 1) — C™)}A” cos md 
+ {nS™ — (n+ — S™}B™ sinmd. ....(2.4) 


(Chapman and Bartels, 1940). 

Two values of each of the coefficients A”, B”, C™, S” may be obtained by 
substituting measured values of X, Y and Z in the last equations. These separate 
determinations agree to within the errors involved, justifying the use of a scalar 
potential. In some analyses allowance for the ellipticity of the Earth’s surface 
has been made. 

The first result of the analysis is that C” and S” are not significantly different 
from zero, within the errors involved. This is equivalent to saying that there is 
no “external” component of the main field. (Shorter period variations associated 
with magnetic storms, etc., which are averaged out by taking annual means, can 
be shown by spherical harmonic analysis to be of external origin; these varia- 
tions, which are of small amplitude, are produced in the ionosphere.) Setting 
c™ and S” equal to zero and following the convention of denoting A” and B” 
by g)” and h’” respectively, the field may be regarded as comprising the separate 
fields of hypothetical multipoles, situated at the geocentre, of magnitude 
depending on the g’” and h” coefficients. g? corresponds to the axial dipole and 
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gi and hj to the two equatorial dipole components. There are five quadrupoles, 
83, $25 3» hg and hj, and so on. The results of the principal spherical harmonic 
analyses have been compiled by RUNCORN (1956a) and are reproduced here in 
Table 2.1. 


Table 2.1. The Spherical Harmonic Analysis of the Main Field. 
Units 10-4 gauss. (After RUNCORN, 1956a) 


Epoch} gi A 82 8 hy 


Gauss . | 1835 | — 3235 | — 311 + 625 51] + 292 + 12 
Erman-Petersen . | 1839 | — 3201 | — 284 + 601 +257. — 4 
Adams . : . | 1845 | — 3219 | — 278 + 578} + + 284 — 10 
Adams . : . | 1880 | — 3168 | — 243 + 603 49) + 297 — 75 
Fritsche ; . | 1885 | — 3164 | — 241 + 591 35 | + 286 — 75 
Schmidt | 1885 | — 3168 | — 222 + 595 50} +278 — 71 
Neumayer-Petersen | 1885 | — 3157] — 248 + 603 53 | + 288 — 75 
Dyson—Furner - | 1922 | — 3095 | — 226 + 592 89 | + 299 — 124 
Afanasieva . . | 1945 | — 3032 | — 229 + 590 125 | + 288 — 146 
Vestine-Lange =. | :1945 | — 3057 | — 211 + 581| — 127| + 296 — 166 


Third order coefficients 


Source Epoch gs | 83 | | gs 


Neumayer-Petersen | 1885 | + 98] — 129 —24 |+ 144 + 
Vestine-Lange | 1965 | + 115) — 173 — 52 | + 121 +1 


8} +8 


1 +70 
8+ 3 


The most conspicuous feature of these data is the predominance of g?, the 
axial dipole moment, the equatorial dipole amounting to about 15 per cent of 
the axial dipole. It is evident that the dipole moment has changed during the 
past century; a decrease of about 7 per cent has been estimated. However, 
there is evidence that this trend was reversed somewhere between 1935 and 
1940, when a minimum value was reached (BULLARD, 1953; MAcutT, 1954), 
although general agreement has not been reached on this matter (NAGATA and 
RIKITAKE, 1957). 

The higher harmonics correspond to the “residual” or “non-dipole” or 
“irregular” field. Although the r.m.s. strength of the non-dipole field at the 
surface amounts to only 5 per cent of the dipole field, because of the more rapid 
variation with depth of the former than that the latter, in the upper reaches 
of the Earth’s core, nearly half-way to the centre of the Earth, these fields may 
be comparable in strength (ELSASSER, 1956a). Perhaps the best way of describing 
the non-dipole (N.D.) field is by means of maps showing lines joining places at 
which the element displayed has the same value (isodynamic lines). 


II.5 Magnetic Maps 


Maps showing all the elements at different times have been prepared by many 
workers (see VESTINE et al., 1947; GAIBAR—PUERTAS, 1953). Typical of these are 
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those showing the vertical component of the N.D. field for 1907-5 and 1945 
(with horizontal vectors given) given in Fig. 2.3, and of G for 1933 given in 
Fig. 2.4 (see equations (2.1) and (2.2)). 

It is noteworthy, perhaps, that the map of the G field shows a simpler pattern 
than that of the Z field. This is a feature of the field and cannot be ascribed to 
the fact that the maps here displayed in Figs. 2.3 and 2.4 correspond to different 
epochs (see, for example, VESTINE et al., 1947a). 

According to Fig. 2.3, the N.D. field altered quite considerably in form 
between 1907-5 and 1945; (these changes correspond to those to be seen on the 
curves of Fig. 2.2). In addition to changes in the overall pattern, a slight but 
detectable westward drift of the field occurred during the same period. This 
westward drift is a general feature of the behaviour of the N.D. field revealed 
by direct measurements; there is evidence that it has been occurring now for 
nearly five hundred years (RUNCORN, 1956a). 


11.6 The Secular Variation Field 


VESTINE and his collaborators (1947a) and GAIBAR—PUERTAS (1953) have also 
prepared maps of the rate of change of the magnetic elements, based on annual 
mean values and calculated for ten-year epochs. These give contours along 
which the rate of change of the element in question is constant (isoporic lines, or 
isopors). Fig. 2.5 comprises the maps of Z isopors for the epochs centred on 
1912°5 and 1942-5 and Fig. 2.6 gives Gaibar—Puertas’s maps of G isopors 
covering the period 1888-5 to 1938-5 in ten-year intervals. In addition to showing 
the secular changes in G, Fig. 2.6 also shows how the number of observatories 
has increased over the past seventy years. 

It is appropriate here to mention an interesting relationship discovered by 
Lundbak (unpublished; reported by RUNCORN, 1956a), who found that if / is 
the distance in kilometres along a great circle on the Earth’s surface and H, is 
the component of the time rate of change of H in the direction of /, then the 
ratio (@Z/él)/H, over much of the Earth’s surface is equal to about (1/1400) km—. 
This relationship implies that isoporic foci of the Z field lie on lines of equal H. 

The S.V. field has been subjected to spherical harmonic analysis, the results 
of which are given in Table 2.2. In contrast to the field itself the time rate of 
change shows no highly dominant component. 

According to the direct observations based on annual mean values, the 
following general characteristics of the S.V. field may be inferred (cf. VESTINE 
et al., 1947a; BULLARD, 1958; RUNCORN, 1956a; GAIBAR—PUERTAS, 1953; 
ELSASSER, 1956a). 

(i) It is the non-dipole field that undergoes the most rapid secular changes. 
The r.m.s. value amounts to SOy/year (ly = 10-° gauss) and maximum rates of 
change (regardless of sign) are about 150y/year. 50y/year represents a propor- 
tionate rate of change of 2:5 per cent per year. The dipole field has changed 
over the past century at an average rate of about 35y/year, which corresponds 
to a proportionate rate of change of about 0:1 per cent per year. 

(ii) On typical magnetic maps, lines of equal annual change of any element 
(isopors), at any epoch, form a series of sets of oval curves surrounding points 
at which the changes are most rapid (isoporic foci). 

(iii) At any epoch, the sets of isopors cover areas of continental size and are 
separated by regions over which the changes are small. The number of centres 
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Table 2.2. The Spherical Harmonic Analysis of the Secular Change. 
Units 10—* gauss/year. (After RUNCORN, 1956a) 


Source Epoch hh 


RK WOK 


Dyson-Schmidt . | 1922-1885 
Bartels. . | 1920-1902 
Carlheim-Gyllenskold | 1920-1902 
1912-5 
1922-5 
Vestine-Lange 1932-5 


19425 | + 9 


Third order terms 


Source Epoch 


1912-5 
1922°5 
1932-5 
1942°5 


Vestine-Lange 


of activity is hard to judge with certainty from the maps; while Figs. 2.3 and 
2.5 suggest something like a dozen, Figs. 2.4 and 2.6 suggest something smaller, 
perhaps 3 or 4. Gaibar—Puertas suggests that at present there are three main 
regions of change, a positive one in the Euroasiatic region, and two negative 
ones, one in North America and another in the South Atlantic. 

(iv) The isoporic foci migrate slowly westwards (as does the non-dipole field); 
there is evidence that this has been occurring for the past 500 years. From 
analyses of the S.V. and N.D. fields for the epochs 1912-5 to 1942-5, BULLARD 
et al. (1950) found a mean westward drift of the former of 0-32 + 0-067 degrees 
of longitude per year and of the latter of 0-18 + 0-015 degrees of longitude per 
year. The apparent difference between these two rates could not be established 
conclusively as significant, nor could the apparent north-south motion and the 
variation of the westward drift with latitude be shown to be real, owing to errors 
involved. 

WHITHAM (1958) has examined the westward drift of the non-dipole field in 
Canada, and concluded that its rate there is significantly slower than the world- 
wide average value (Sec. III.3). 

(v) In addition to the westward drift, the pattern of the S.V. field may alter in 
form in only a few decades. It is not easy to say how radical these alterations 
have been. Some authorities have said that “considerable alterations in the 
form of the pattern may arise, and centres of intense activity may decay away, 
or new ones form’? while GAIBAR—PUERTAS (1953) states that during the past 
few decades the region of positive change over Europe and Asia has increased 
in size and intensity, while the negative regions of North America and the 
Southern Atlantic have diminished in size and weakened in intensity. 
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Although the overall properties of the S.V. are probably well summarized in 
this way, one feature not included explicitly may be important. It has been 
pointed out that over the Pacific hemisphere (the region lying between 120° E 
and 80° W) the S.V. has been systematically less, by a factor of 3, than that over 
the rest of the Earth’s surface (RUNCORN, 1956a). There may be some connexion 
between this and Gaibar—Puertas’s conclusion that, according to the movements 
of the fictitious lines joining observatories at which the secular variation 
vanishes instantaneously, there is some evidence that secular changes arise under 
a point south of Asia and west of India, and propagate outwards, changes in G 
at any point being inversely proportional to the distance of the point of observa- 
tion to the point of origin. 

The average time scale of the secular variation can be estimated by dividing 
the r.m.s. value of the non-dipole field (0-02 gauss) by the r.m.s. value of the rate 
of change (50y/year); thus, the value 40 years is obtained. This is in rough 
agreement with the period of the slow part of the field changes of curves of 
Type III (Fig. 2.2), which suggests something like 60 years. However, there is 
some fine structure, of somewhat smaller amplitude than that of the slower 
changes, characterized by times of a few years. 

The foregoing discussion of the S.V. field is based on annual mean values of 
the elements. However, several investigators have examined monthly and even 
daily mean values, in a search for even finer structure components of the S.V. 
field than those revealed by annual means (WALKER and O’Dka, 1952; A. F. 
Moore, unpublished thesis, reported by RUNCORN, 1956a). The basic difficulty 
in such investigations is “noise” due to magnetic variations of short period and 
external origin, and instrumental errors, normally averaged out by taking annual 
means. In spite of this, preliminary studies of records from a few observatories 
suggest that the S.V. may not be a gradual fluctuation at a rate based on annual 
means, but is made up of a series of impulses at up to four times the average rate, 
lasting two or three months, separated by periods of relatively little change. 

Walker and O’Dea, from a study covering the period 1902 to 1950, claim to 
have found impulses in the elements D, J and H at Honolulu. The 5 impulses in 
D were much less striking than those in the other two elements (6 and 5 in 
number, respectively), and there was no apparent time correlation between 
impulses in different elements. 

Of a number of examples given by Moore (/oc. cit.) an 85 gammas change in 
Z taking only three months, which occurred at Cheltenham, Maryland, in 1914, 
is probably the most striking, although the present writers have found (unpub- 
lished) that there was no corresponding impulse in D. Moore found that this Z 
impulse only correlated over short distances from Cheltenham. Consequently, 
if these impulses are real and arise within the Earth, their origin may have to be 
sought high up in the mantle. 


II.7 The Geomagnetic Field in Ancient Times 

As the approach to a theory of the geomagnetic field depends very critically 
on the extent to which direct measurements of the elements reveal a representa- 
tive picture of the characteristics of the field, at this stage in our discussion it is 
relevant to pose the following questions: 

(a) Has the average strength of the geomagnetic field varied significantly 
over geological time? (The oldest rocks are about 3 x 10° years old.) 


VOL. 
4 

1061 

1961 


50 R. Hipe and P. H. Roserts 


(b) Has the field always roughly resembled that of an axial dipole and, if so, 
has the dipole always had the same polarity? 

(c) Has the secular variation always had the characteristic features listed 
above? In particular, is the tendency for the field to migrate a transient or 
permanent phenomenon? Has it always been in the same direction? 

First let us consider question (a). At present there is no convincing evidence 
that the strength of the field has ever been widely different from its present value, 
although there may have been small changes. There is some evidence that in 
Roman times the strength of the field was 1-5 times its present value, and that 
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Fig. 2.7. Frequency distribution of declination measurements on Mesozoic rock 
samples. (After ToRRESON, MurPHY and GRAHAM, 1949.) 


the average strength for the past 5000 years is not widely different from its 
present value (ELSASSER, 1956a). The average rate of decrease in the dipole field 
since Roman times has been much less than the value based on direct observa- 
tions (Table 2.1). Although GAIBAR—PUERTAS (1953) has stated that the rocks 
of the Tertiary seem to have been magnetized in a field from 6 to 20 times stronger 
than the present Earth’s field, this conclusion cannot be accepted at present 
owing to the many uncertainties arising in the interpretation of intensity 
measurements in the study of rock magnetism. When these uncertainties have 
been removed, there is hope for a conclusive answer to question (a). 

Passing on to question (b), there is some striking statistical evidence that the 
time average of the geomagnetic field was an axial dipole in Mesozoic times (5 
to 50 million years ago). This was obtained by TORRESON, MURPHY and 
GRAHAM (1949), who measured the direction of magnetization (D and /) of flat 
lying sedimentary rocks of that age. Fig. 2.7 shows how the mean D of these 
rocks samples gives a better fit to an axial dipole than to the present dipole. 
Measurements made on Icelandic rocks corroborate these findings (HospErs, 
1951). 

As regards the polarity of the dipole, it is now generally accepted that at 
certain periods the dipole may have been reversed. This is based on the many 
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rock samples from numerous localities that have shown a magnetic polarization 
opposite in direction to that of the present field. It is not possible to say with 
certainty how many reversals of the dipole have taken place, although it may be 
several hundred. The time taken for each reversal to occur, which is also hard 
to estimate accurately, is probably quite short, geologically speaking, of the 
order of ten thousand years. 

Examples of reverse magnetization of rocks of the same geological age 
(Pleistocene, Early Quaternary) have been found at such widely separated sites 
as Japan (NAGATA et al., 1957), Kenya (NAIRN, private communication), 
France (ROCHE, 1958), Iceland (Hospers, 1951), and Arizona (OppYKE and 
RUNCORN, 1956), but owing to the inaccuracies in geological dating methods 
even for such recent times as the Pleistocene, it is not possible to regard this as 
conclusive evidence for a world-wide reversal. All that can be said at present 
is that the hypothesis that dipole reversals have occurred happens to be the 
simplest one which accounts for many of the available facts. 

Although, as we have seen, the average geomagnetic pole in recent times coin- 
cides with the geographical poles, suggesting a strong connexion between the 
geomagnetic field and the Earth’s rotation, the orientation (ignoring reversals 
now) of the hypothetical dipole required to explain the magnetic directions of 
rocks of many epochs going back to the pre-Cambrian seems to have altered 
more or less steadily through quite a large angle (90° or more). This has been 
taken to imply that the poles of rotation have wandered over the Earth’s surface 
(CREER et al., 1957). 

Although some studies have been made pertaining to the behaviour of the 
geomagnetic field during the short period (about 10,000 years) when the polarity 
of the field is changing from one sign to another (BRYNJOLFSSON, 1957) it has not 
yet been possible to demonstrate whether the reversal is accomplished through a 
change in dipole moment, the axis remaining fixed, or through a movement of 
the dipole axis through 180°, the moment remaining fixed. 

As regards question (c), although the palaeomagnetic evidence (RUNCORN, 
1956b, GAIBAR-PUERTAS, 1953, CooK and BELSHE, 1958) contains nothing to 
suggest that the characteristics of the secular variation as revealed by observa- 
tory data are not representative of the field in ancient times, this evidence is 
fairly scanty and consequently, the question is still open. 


Ill. PHYSICAL ANALYSIS OF THE IRREGULAR FIELD 


III.1 Limitations of Spherical Harmonic Analyses 


The first step towards a theory of the irregular field is the analysis of its 
spatial and temporal variations in terms linked with the physical aspects of the 
problem. There are two aspects of the spatial variation that have to be discussed, 
namely, the variation over the Earth’s surface, and the field at great depths 
within the Earth, especially in the core where the geomagnetic field has its 
origin. 

We have seen how it is possible to represent the main field in terms of an axial 
dipole at the Earth’s centre, the contribution of this dipole being given by the 
first, predominant, term in the spherical harmonic series. Although this is a 
good representation of the field variation over the surface, alone it is of no value 
whatsoever in determining the field at great depths, because of the infinite 
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number of electric current configurations, or distributions of magnetization, 
that would be equivalent at the surface to the geocentric axial dipole. Additional 
considerations of the physical properties of the Earth’s interior are needed in 
order to carry out the extrapolation. 

As a representation of the non-dipole field, the inadequacy of spherical 
harmonic analysis is even more serious owing to the absence of a predominant 
term and little can be deduced from it. ELsAsser (1956a) considered that the 
“centre of gravity” of the series for the non-dipole field occurs near n = 5, and 
thus he argued that the non-dipole field strength at the core mantle boundary is 
comparable with that of the dipole field there. 

According to Table 2.2, the main coefficients in the spherical harmonic series 
representing the secular variation field occur at n = 2 and n = 3, and this is in 
agreement with an upper limit to an “‘average” value of n equal to 3-5 deduced 
by RUNCORN (1955c) from Lundbak’s relationship (Sec. II.6). 

Having regard for screening in the mantle, one interpretation of these esti- 
mates would be that the higher spatial harmonics of the field are associated 


with the most rapid changes. 


III.2 Analyses in Terms of Regional Sources in Core 


More physical analyses have been conducted by a number of workers. 
MCNISH (1940) showed that in the epoch centred on 1920-5, the non-dipole field 
could be approximated by that of 14 radial dipoles of equal magnitude 
(1074 gauss cm*) suitably distributed over a spherical surface at r = R,/2, R, 
being the radius of the Earth. In addition, McNish approximated the secular 
variation field by 13 varying dipoles of equal strength, 1:37 x 10” gauss cm?/yr, 
distributed over the same surface. In spite of the obvious arbitrariness in choos- 
ing dipole sources located at a hypothetical level within the Earth, McNish’s 
analysis was a step in the right direction. 

A little later ELSASSER (1941) showed that a random distribution of dipoles in 
the core will produce some of the features of the irregular field. Although he 
did not specify the number of such sources, this was assumed to be large. 
ELSASSER (1956a) himself cast doubt, in a later paper, on the validity of this 
assumption, in terms of which it is difficult to explain the magnitude of the 
changes of the direction and strength of the geomagnetic dipole. 

ELSASSER (1946, 1947) followed up his early studies with three important 
papers on the effects of motional induction in the Earth’s core. Independently, 
BULLARD (1948) visualized the secular variation (and later, the main field, see 
below) as being due to electric currents induced in the material of the core by 
its movement through the general magnetic field of the Earth. In this paper, 
Bullard examined the region of rapid change near South Africa for the epoch 
1922-5 and showed that the observations could be accounted for, roughly, in 
terms of a horizontal dipole, oriented with its axis pointing N 45° W, in the 
upper reaches of the core. He then showed that this hypothetical dipole source 
might be due to inductive interaction between an eddy, several hundred kilo- 
metres in diameter moving at about 0-1 cm/sec and a magnetic field of not less 
than about 100 gauss (Sec. V.3). The poloidal field strength is only about 5 gauss 
in the core, and consequently, if a field of 100 gauss is present there its lines of 
force must be confined to the Earth’s interior. Toroidal fields (Sec. I.3) have this 
property, and while there is no direct evidence that such a field exists in the core, 
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according to ELSASSER (1946, 1947) and BULLARD (1949a), fluid motions in the 
core should be able to excite one quite easily. One feature of Bullard’s dynamo 
theory of the mean field (1949a, BULLARD and GELLMAN, 1954, see Sec. V.2) is a 
toroidal field of several hundred gauss. 

Lowes and RUNCORN (1951), using a graphical method for analysing the field 
over a sphere in terms of separate dipoles or arbitrary direction, showed that the 
major part of the secular variation for the epoch 1922-5 could be explained by 
12 vertical dipoles below the surface of the core. They then argued that because 
of the high electrical conductivity of the core material, only changes occurring 
in the top 30 km of the core would not be screened from observation, and inter- 
preted their vertical dipoles as being due to thin horizontal circular current 
systems at the core surface. The screening argument which led Lowes and Run- 
corn to object to Bullard’s eddy as being too large to fit into the top 30 km of 
the core, is only correct for rigid conductors, because then, electromagnetic 
energy can only be transmitted by diffusive processes, which are slow. However, 
as the core is a liquid, magnetic disturbances can be transmitted rapidly and 
efficiently from one place to another, by hydromagnetic waves (Secs. I.4, VI.1). 

Because several of their current loops are located near the equator where, on 
Bullard’s particular dynamo model, the toroidal magnetic field would vanish, 
Lowes and Runcorn considered their results as being inconsistent with the exis- 
tence of a toroidal field. However, in general one would not expect the toroidal 
field to vanish on the equator because there is no reason to expect the dynamo 
mechanism to be particularly sensitive to the form of toroidal field chosen - 
(Sec. V.2). 

The maps given by VESTINE et al. (1947a) of the secular variation field at the 
surface resemble contour maps, showing “hills” and “‘dales” of magnetic field 
changes, see Fig. 2.5. We have seen that owing to the slow convergence of the 
spherical harmonicseries, it is not practicable to use this method of analysis to find 
the field at the core-mantle boundary, i.e. atr = R,. This is because the higher 
harmonics, which make a relatively larger contribution atr = R, than atr = R,, 
contain the biggest errors in their coefficients. Another way of putting this is to 
say that the fine details of the field within the Earth are smoothed out on 
projection outwards, by what we shall find convenient to refer to later as “‘geo- 
metrical attenuation.” Roughly speaking, horizontal features of the surface 
field characterized by a length L can be expected to originate a vertical distance 
L beneath the surface. Consequently, because R, — R, ~ 3000 km, no matter 
how complicated the horizontal form of the irregular field in the core, the 
minimum length scale associated with the corresponding field at r = R, should 
not be less than about 3000 km. According to Vestine’s maps, the maximum 
such length scale is also of this order, suggesting that the irregular field and its 
temporal variation arise near the core-mantle boundary (Figs. 2.3, 2.5). If on 
the other hand one accepts GAIBAR-PUERTAS’ conclusion (1953) (Figs. 2.4, 2.6) 
that the irregular field is not so complicated as had been suggested by VESTINE 
et al. (1947), L is more like 6000 km. A depth of 6000 km is well inside the core. 

The increase in complexity of the system of sources required to produce a 
given field at r = R, as the radius of the sphere over which the sources are taken 
to be distributed diminishes can be seen by examining the current functions 
calculated by VESTINE et al. (1947a) (Fig. 3.1). 

McDOonaLp (1955) attempted to construct a map of the vertical component 
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of secular variation field at r = R, for the epoch 1922-5 by a method of extra- 
polating the field at r = R, based on the assumption that the field is due to a 
number of sources of identical form. For simplicity, the source function chosen 
was 

{cos — cos « 
A(R, 8) = Zo 1 — cos 


with « = 5°, where 6 is the angular distance along a great circle arc from the 
source centre. As a first approximation, he used 17 positive sources and 19 
negative ones, and then supplemented these with further sources, to give 34 
positive and 31 negative ones in all. Because he ignored the conductivity of the 
mantle, only “geometrical attenuation” was allowed for in his analysis. He 
concluded that the field at r = R, is best described not in terms of “‘hills’’ and 
“dales”’, but rather in terms of a series of “ridges”. A typical ridge has a width 
of about 300 km and extends over 1000 km. The maximum heights of ridges 
occur at large distances from focal points (Fig. 3.2). 

In addition, McDonald estimated the r.m.s. value of Z at r= R, to be 
0-18 + 0-05 gauss/year, so that over 16 years this corresponds to a change 
equal to the r.m.s. value of the irregular field, given by him as 2°8 gauss. 


III.3 Contribution of Westward Drift of Regional Sources to Secular Variation 
Field 


Lowes (1955), assuming dipole sources of the non-dipole field in the manner 
of his earlier paper with Runcorn, has made a study of the relative contributions 
to the S.V. field of the (a) changes in magnitude, (b) changes in direction and (c) 
westward drift, of the dipole sources. As there is little correlation between the 
foci of the non-dipole field with those of the secular variation, of these three 
possibilities, (c) seems most likely. 

Lowes then showed that an appreciable part of the S.V. field can be accounted 
for in terms of the westward drift, at 0-2° long./year (BULLARD et al., 1950, and 
Sec. II.6) of the non-dipole field. (The reader can judge for himself the impor- 
tance of this contribution to the S.V. field by imagining the secular changes 
caused by a westward drift of Fig. 2.4 and comparing this with Fig. 2.6, remem- 
bering that changes in magnitude and direction of a centred dipole have no 
effect on the appearance of a map of G isopors.) However, there was no correla- 
tion between the foci of the residual S.V. field and those of the non-dipole field. 
Lowes interpreted this as implying that about one-eighth of the total dipole 
moment of the Earth is due to 8 to 10 regional sources, each of moment 2 to 
5 x 104 gauss 

It is, of course, not certain that the westward drift is uniform, as assumed by 
Lowes in his analysis. As we have seen (Sec. II.6) owing to inadequate data, 
BULLARD et al. (1950) were unable to establish conclusively that there is no 
latitudinal variation of the westward drift nor was it possible to exclude the 
possibility of a north-south drift. 

Following Lowes’s work, WHITHAM (1958) estimated the relative contributions 
of processes (a) and (c) to the field over Canada, including data from as far 
north as latitude 80°, for the epoch 1955-0. It was found that the westward 
drift in recent years in Canada has been very much less than the world-wide 
average, by a factor of 3. Whitham concluded that local fluctuations can occur 
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in the drift rate of the irregular field. Another possibility is that the drift rate 
falls off very rapidly at high latitudes, but until Whitham’s analysis has been 
extended to other localities, in high latitudes, this suggestion cannot be tested. 
Such an investigation might bear directly on core hydrodynamics in view of two 
suggestions that have been made. The first, by H1DE (1953b), is that, if Coriolis 
forces exert a dominant influence on core motions, the presence of a solid central 
body might produce marked changes in these motions at the surface of an 
imaginary circular cylinder, whose axis is also that of the Earth’s rotation, 
which touches the solid central body on its equator and intersects the core— 
mantle boundary in each hemisphere at a latitude lying between 66° and 77° 
(Sec. V.4). The second is that if core motions are due largely to the preces- 
sional motion of the mantle, which is not certain but has not been ruled out, 
and if the presence of the central body can be ignored, then according to 
BonDI and LYTTLETON (1953) the flow pattern in the core will comprise a number 
of distinct regions, bounded by circular cones which intersect the core surface 


at latitudes 60° N and S. 


IIl.4 Spectrum of Secular Variation 

Having treated the spatial variation of the irregular field, let us turn to the 
temporal variation. We have already seen from the various lines of evidence 
described above, that the secular variation is associated with a time scale of the 
order of decades to centuries. However, owing to lack of data it has not been 
possible to give a definite estimation of the energy contained in the different 
periodicities associated with the secular variation. One attempt to construct 
a spectrum of the declination amplitude has, however, been made by Hughes 
and Moore, in unpublished work, whose results have been roughly represented 
by RUNCORN (1956a) by means of the equation 


A = 40 exp (— 13-204), ae 


where A is the declination in degrees and w is the angular frequency in (years) 
of the mode in question, the range of period being from 10 years to 5000 years. 

In view of the present state of the analysis, the possibility of the presence of 
short periods (less than one year) in the spectrum of secular changes must be 
regarded as somewhat speculative (Sec. II.6). 


IV. SCREENING IN THE MANTLE 


IV.1 Types of Attenuation 

There are two ways in which the secular variation field is attenuated in passing 
through the mantle. The first we shall call “‘geometrical”; all fields emerging 
from the core must weaken with distance from it in the manner implied by 
Laplace’s equation. (This is the kind of attenuation which the non-dipole field 
also suffers.) The second we shall call “physical”; the changing fields in the core 
induce currents in the mantle and their associated magnetic fields oppose the 
growth of the disturbance in the mantle and above. This electromagnetic 
shielding is commonly encountered in electrical engineering and the familiar 
“skin-depth” arguments of that subject apply. These show that, provided the 
frequency w of the disturbance is sufficiently great, the induced fields and currents 
will lie in a thin skin at the base of the mantle, and that the strength of the fields 
in that skin are attenuated by a factor of 1/e in a skin depth of dy = (27Gu)-4, 
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where @ is the mean conductivity of the mantle (cf. equation (4.3)). The criterion 
that this type of attenuation should dominate over geometrical effects is simply 
I> d, 
where / is the horizontal length scale of the disturbance. If, however, 
l<d, 
geometrical attenuation will be more important. 

For aperiodic disturbances the position is similar. Suppose that at t = 0, a 
field is applied suddenly at z = 0. Initially and for times short compared to 
both Gul? and Gu(R, — R,)*, the attenuation is almost entirely physical. Ulti- 
mately, for times large compared with Gu/* and Gu(R, — R,), it is geometrical. 
Between these extremes there is a period for which both physical and geometrical 
attenuation play a part. 


IV.2 Example: Induction in a Plane Slab 


We will illustrate the role of these competing effects by the simple example of 
electromagnetic induction in a plane slab. Such a model possesses all the physical 
characteristics of the geophysically more realistic problem of induction in 
a spherical shell without its algebraic complexity. It is also convenient to 
simplify the model further by supposing that it is only the lower part of the 
mantle that is appreciably conducting. We will, therefore, liken the Earth’s 
mantle to a slab 0 <z < d of which the region 0 < z < f(< d) has a constant 
electrical conductivity. At the base of the mantle (z = 0), a magnetic field is 


Earth’s surface 


Insulating layer 


Conducting layer 


Core 


Fig. 4.1. An idealized model of the mantle used to describe the attenuation of 
the secular variation by conducting material in the mantle. 


specified whose horizontal scale length is /. We will consider poloidal fields 
alone. Toroidal fields must vanish outside the conducting regions although the 
equations they obey in regions of constant conductivity are identical with those 
satisfied by the poloidal modes. (RUNCORN, 1955d, has considered toroidal 
fields alone and has limited his discussion to the case of infinite /.) Let us 
assume, therefore, that the magnetic field B takes the form 

B = curl? S1,, 
where I, denotes the unit vector in the direction of increasing z, and S is a func- 
tion of position x, y, z and time ¢. It can be shown (Appendix A) that S must 


satisfy 
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Let 6 = |B,(d)/B,(0)| be the attenuation suffered by the normal component of 
the field in passing through the mantle. In the absence of eddy currents, 6 would 
take the value e~**“', Table 4.1 compares 6 with this value by giving de?"*" for 
various values of w and f- 

The details of the calculation are given in Appendix A where it is also shown 
that 6 assumes the asymptotic forms. 


(a) aio, 
(b) 6 —> exp — >|. d,/l — oo. 


(The factor 2 in the first of these expressions is due to “image” effects.) 


Table 4.1. Attenuation of Secular Change by the Mantle 


K = 2nfjl 
0:5 1-0 2-0 
A = 
co Case (a) 0:5390 | 0:2906 | 0-0844 
10 08175 | 04139 | 0-1073 
1-0 0:9976 | 09805 | 0-9072 
0-1 10000 | 0:9998 | 0-9991 
0 Case (b) 10000 | 1-0000 | 1-0000 


This table gives the value of de274/! for various values of / and f. (6 = attenuation; 
jf = thickness of conducting layer; d = thickness of mantle, / = horizontal length 
scale; dy = skin depth = (2//w)}.) 


The simple plane model also helps to answer the question of how the attenua- 
tion 6 changes if the conductivity distribution is changed. Such an answer is 
important if one is to decide, for example, whether most of the conducting 
material in the mantle is in a layer at the base of the mantle of mean conductivity 
10-* e.m.u., and of thickness 500 km; or, say, in a layer 1500 km thick of con- 
ductivity 10-°e.m.u. To normalize the comparison of different distributions, 
we will suppose that for each model, the time constant 


7 = | = mad? 


is the same. It can then be shown (RosertTs, 1954) that, for sufficiently high 
frequencies, the attenuation for each model is the same, no matter how the 
conducting material is distributed. For the two-layer model, we consider, 
therefore, the variations of 6 as f and dy are varied in such a way that 
w7(= f?/2d@) is kept constant. The extreme case (a) shows that if the conducting 
material is in a very thin layer (f// — 0), the attenuation it produces is physical. 


< 
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To give a quantitative idea of the effect, Table 4.2 has been included. This shows 
how de?"4l' varies as f is varied for the particular cases wr = 0-25, wr = 2°5. 
It is seen that concentrating the conductivity distribution tends to increase the 
attenuation. 


Table 4.2. Attenuation of Secular Change by the Mantle; the Effect 
of Varying the Distribution of Conductivity, keeping the Time 
Constant 7 the same (see also description of Table 4.1) 


ar = 0-25 


K = 2nfll 1-0 0:5 


wr = 2°5 


K = oo 3:0 2:0 1:0 0 


de27d/t 1-0000 0-7918 06333 04139 0-2143 


(Other values may be obtained from Table 4.1 by using the relation wr = {A K*) 


Of course, the secular variation does not show any definite periodicities. 
However, the response of the system to aperiodic disturbances at the base of the 
mantle is much the same and can be readily understood in terms of the above 
analysis. Let us assume that a field is suddenly applied at z = 0 at time t = 0. 


The initial behaviour of 6 is 
6 = erfe(z/r)3, (4,4) 


(where erfc denotes the complement of the error function). 

Thus, the initial growth of the field is extremely gradual (RUNCORN, 1955d) 
since 6 and its derivatives (with respect to time) of all orders vanish att = 0. In 
fact, in a time of 0-57, 6 barely exceeds 0:1. As ¢ increases, the physical attenua- 
tion becomes insignificant for the small-scale disturbances, i.e. those for which / 
is much less than (t/7d)*, and, moreover, the precise manner in which the 
conductivity of the mantle is distributed becomes important for components of 
larger scale. Eventually the physical attenuation and conductivity distribution 
alike become unimportant for all lengths and the system settles down to an 
equilibrium state governed by geometrical attenuation alone. It is worth 
emphasizing that small-scale disturbances are less affected by electromagnetic 
shielding than the large-scale disturbance, and therefore pass through the mantle 
more quickly. This may possibly have some bearing (RoBerTs, 1954; McDon- 
ALD, 1957) on the short period changes discussed at the end of Sec. II.6. Before 
leaving aperiodic disturbances, we must mention that RUNCORN (1955d) has used 
his analysis (of the attenuation of toroidal field in the case / — oo) in an attempt 
to place an upper bound on the time constant 7 of the mantle. He has observed 
that, according to (4.4), rates of secular variation cannot alter appreciably in a 
time less than 7 (approximately). Estimating from observatory records that such 
rates do not, in fact, take more than 4 years to establish themselves, he con- 
cludes that the time constant of the mantle cannot exceed 4 years. An attractive 
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feature of this approach is that it is, as we have seen, insensitive to the scale 
length / of the disturbance responsible for the change in secular rate. Runcorn’s 
bound might possibly be a little small if small-scale lengths predominate in 
observatory records, but, to the first approximation, it is independent of the 
spatial characteristics of the changing secular rate. Also, it refers to a time 
constant defined in the sense (4.3) and is relatively insensitive to the precise form 
of o(z). 


IV.3 Screening by Spherical Shell: Time Constant of the Mantle 


We will now review briefly the analyses of screening by a spherical shell of 
conducting material; clearly these are more relevant geophysically. ROBERTS 
(1954) showed that the general features of the plane slab model are also present 
in the spherical shell model, and that the time constant governing the initial rise 
of aperiodic disturbances, and all periodic disturbances of high frequency is 
(cf. (4.3)) 


2 
R, 


for all harmonics. He showed that electromagnetic attenuation is least important 
for the higher harmonics, and that the fact that these pass through the mantle 
more rapidly than the lower harmonics, may have some bearing on secular change 
impulses. It may also have some bearing on an interpretation of the magnetic 
observations given at the end of Sec. III.1; namely, that the higher harmonics of 
the geomagnetic field appear to show the more rapid secular change. The criteria 
(a), (b) for the relative importance of electromagnetic and geometrical attenuation 
was found to be essentially unaltered (/ being replaced by 27R,/n, where n is the 
harmonic number). 

McDonaLp (1957) made an extremely detailed mathematical analysis of the 
shielding effect of a conducting spherical shell. Following LAHIRI and PRICE 
(1939), he considered conductivity laws of the type 


This form not only permits a broad study of the effect of varying the conductivity 
distribution, but also has the mathematical advantage of leading to solutions in 
terms of Bessel functions, and these are well tabulated and understood. 
McDonald showed, by numerical arguments, that the effect of varying y can at 
all frequencies be well represented (particularly for the higher harmonics) by 
using the constant conductivity (y = 0) model with an “‘equivalent conductivity” 
(which is different for different harmonics). 

McDonald’s application of these mathematical results to the secular variation 
falls into two distinct parts. In the first of these, he used the available harmonic 
analyses of the secular variation field to estimate the division of (¢B,/0t)? among 
the various harmonic components. To interpret the result he obtained he 
supposed that the secular variation field behaves statistically like a random 
distribution of flux tubes over the surface of the core, these flux tubes being of 
the type he introduced (1955) in his physical analysis of the field (see equation 
3.1). This enabled him to estimate the relative electromagnetic shielding for 
different harmonics, and on comparison with his mathematical calculations, he 
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found that (apart from the uppermost layers of mantle and the crust) the best 
estimate for y is (4.6) 
and that the best estimate for the conductivity at the base of the mantle is 

oy = 4.107? Te.m.u., 


where T (years) is the predominant period associated with the secular variation. 
He showed that these results were quite insensitive to the cross-sectional area 
assumed for the flux tubes. In the second part, he attempted to estimate the 
period T. To do this, he studied aperiodic fields and, in particular, the passage 
of a sharp pulse of flux from a small annular region of the core boundary 
(corresponding to the difference betweén two flux tubes of the type (3.1) with 
different values of «) to the Earth’s surface. Naturally, the time taken for the 
field to grow its maximum value gives information about the conductivity of the 
material it has traversed en route. McDonald estimated this time for 
observations of some secular change impulses, and compared the result with 
his mathematical analysis. He found T to be 

T = 5°56 + 2°78 years. ++ (4.8) 

McDonald’s mathematical studies, impeccable and detailed though they are, 
seem to be hardly justified by the present paucity of reliable observational data, 
and it is difficult to believe that they could reduce the uncertainties greatly. 
Moreover, it is unfortunate that he has placed so much reliance on secular 
change impulses, and in this respect Roberts’ earlier work (1954) may also be 
criticized. It is difficult to find an attractive alternative, but since there is a 
distinct possibility that these impulses are not connected with events in the core, 
it is hard to be confident of the second part of McDonald’s analysis or, indeed, 
to justify his continual emphasis on the importance of high harmonics. Cer- 
tainly the estimate of 5-6 years for the predominate periodicity of the secular 
change field would generally be considered much too small, despite the generous 
uncertainty quoted. Before too hastily dismissing this figure, however, it should 
be noticed that McDonald’s estimates (4.6) to (4.8) do not violate Runcorn’s 
upper bound, and that to cast doubt on (4.8) is not possible without finding 
valid criticisms of the more plausible analysis (leading to (4.6) and (4.7)) which 
preceded it. McDonald’s results imply that the time constant 7 of the mantle 
(as defined by (4.5)) is approximately 3-0 years. 

YUKUTAKE (1959) has made an analysis which in some respects is similar to 
McDonald’s attempt, although Yukutake has chosen to represent the secular 
change field in terms of random distributions of vertical dipoles near the core 
boundary (cf. Sec. III.2) rather than in terms of flux tubes of the type (equation 
(3. 1)) used by McDonald. Yukutake assumed that, for the highest harmonics, 
T is 50 years and showed from the data that, for the deepest layers of the 
mantle, y probably lies between 4 and 16. He also deducted that, at distances of 
the order of 0-6R, to 0-7R, from the geocentre, the conductivity lies between 
4-5 10-79 e.m.u., and 2:0 e.m.u. 


V. INDUCTION THEORIES OF THE MAIN FIELD 


V.1 Introductory Remarks 
Attempts to explain the main field, with its dominant dipole component and 
relatively weak, yet not insignificant, irregular non-dipole component go back 
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quite a long time. It would be inappropriate here to describe all these theories, 
which have been reviewed elsewhere (FLEMING, 1939; CHAPMAN and BARTELS, 
1940). This section will be confined to the discussion of the so-called ‘dynamo 
theory” of the dipole field, and of the “solid eddy” induction models of the 
irregular field, with a few final remarks on the hydrodynamics of the Earth’s 
core. 

The dynamo theory ascribes the maintenance of the magnetic field of the 
Earth to electric currents induced in the core material as a result of the motion 
of that material across lines of force. The system is supposed to act as a self- 
exciting dynamo, the laboratory equivalent of which could be a Faraday disk 
arranged to energize a coil which then maintains the inducing field in which the 
disk is turning. If such a system is started up from rest, and eventually reaches 
a steady state, this state will be attained when the material velocities, electric 
currents and magnetic fields are such that there is a dynamical balance of forces 
in the equation of motion (7 X B term included) and the rate at which the 
agency driving the motion does work on the system is equal to the rate at which 
energy is dissipated by viscosity and Joule heating. (Of these two dissipative 
agencies, in the core the former is relatively unimportant, Sec. I.4.) The theory 
of steady homogeneous dynamos has been studied quite intensively, and has led 
to a plausible explanation of the Earth’s magnetism, which has not been 
seriously challenged by alternative theories, together with a new insight into the 
conditions prevailing within the Earth. In this section, the development of the 
theory of steady homogeneous dynamos will be outlined, the discussion of 
non-steady dynamos being left until Sec. VII. 

In the dynamo theory, the initial field is regarded as adventitious and the 
final field is the result of the inductive mechanism supposed to be operating. It 
has been convenient in the theory of the irregular field to take as given the main 
field produced by the dynamo, which is dipolar outside the core but may 
contain strong toroidal components within the core, and to examine the conse- 
quences of further inductive interaction between this field and a given fluid 
motion. The discussion of the irregular non-dipole field in terms of a model 
based on solid eddies has been quite successful, but, as we shall see, in the theory 
of the secular variation it is not sufficient simply to include time variations in 
the motions of solid eddies because attenuation due to the ordinary skin effect 
then enters the theory, and this is not likely to have a counterpart in the fluid 
core where transmission of energy by Alfvén waves can take place. 


V.2 The Dynamo Theory of the Main Field 

For a complete solution of the dynamo problem it would be necessary to 
solve equations (1.9) to (1.13) simultaneously under appropriate boundary 
conditions. No one has attempted this owing to the difficulties involved. 
Because the procedure has been to specify a velocity field w# and then to solve 
equation (1.13) for the magnetic field B, one of the biggest uncertainties in 
applying the solution to practical cases lies in the justification of the choice of u. 

In the case of steady dynamos equation (1.13) reduces to 


+ curl (u X B) = 0. 


Even when one assigns u in this equation, finding a solution for B is still a very 
difficult mathematical problem. Although very recent investigations by BACKUS 


= 
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(1958) and HERZENBERG (1958) show that at least in principle steady homo- 
geneous dynamos can exist*, earlier attempts to solve this equation were ham- 
pered by the lack of proof of such an existence theorem. Indeed, the first 
important result was a negative one, due to COWLING (1934), who, in criticizing 
a suggestion of LARMoR’s (1919) concerning the general solar field, showed that 
equation (5.1) has no solution in which B is axisymmetric, a result later refined 
by BACKus and CHANDRASEKHAR (1956) and BACKus (1957). ELSASSER (1946a) 
has shown that toroidal motions alone would be inadequate. It follows from 
these investigations (and others; BULLARD, BULLARD and GELLMAN; see below) 
that homogeneous dynamos must possess a low degree of symmetry. 

ELSASSER, in a number of valuable papers (1946, 

1947, 1950), was one of the first to discuss 
processes in the Earth’s core in general terms. ) 
An important step was taken by BULLARD (1949b) 
in his first paper on the dynamo theory of the ICY 
origin of the Earth’s magnetism, in that a clear cut 
discussion was given of a definite model and : 
these investigations paved the way for subsequent __ Fig. 5.1. Bullard’s convective 
development. Bullard’s velocity field consists motions. (a)Horizontal motions 
essentially of two parts which will be designated of 
otion 
by u, and u, where z, is a field of convective flow, in the equatorial plane. 
including a radial component, and wu, refers to a 
non-uniform rotation. Figure 5.1 illustrates the 
form of w,. Bullard suggested that the convective motion u, and the rotational 
motion #, can interact with a dipole field in such a way as to reproduce the 
dipole field. The first step in this interaction is the modification of the dipole 
field in the core by w,. This tends to wrap lines of force around the axis, thus 
producing a toroidal field B, (say, Sec. I.3). Further interactions between the 
velocity field and the magnetic field are supposed on the theory to be capable of 
maintaining the dipole field B, (say). The complete theory would involve 
taking into account all possible interactions involving high spatial harmonic 
components of the field, a formidable problem indeed. Bullard did not work 
out the theory completely but he advanced arguments rendering his proposal 
plausible. These arguments have been strengthened by the investigations of 
TAKEUCHI and SHIMAZU (1952, 1953), PARKER (1955), and by BULLARD and 
GELLMAN (1954), in the latter of which, approximate solutions to equation (5.1) 
were found numerically. 

Mathematically the solution of equation (5.1) with a specified form of u, and 
u, is an eigenvalue problem in which the eigenvalues determine the magnitude 
of the velocities required to maintain a magnetic field in terms of the electrical 
conductivity o and the dimensions of the system. It turns out that the final 
|u,| is extremely insensitive to the |s,| chosen, which means that the strength of 
the toroidal field is not determined by the dynamo theory. HERZENBERG 
(private communication) has emphasized this feature of Bullard’s dynamo, 
namely, that the presence of a toroidal field is probably not essential. However, it 
would be hard not to excite toroidal fields in a rotating system, because of the 
ease with which rapid azimuthal shearing motions can be set up. By equating 

* As we shall see, Backus’ model is not strictly steady, but the time variations involved 
represent a logical device for proving convergence. 
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the advective flux of angular momentum due to the convective motion to the 
electromagnetic torque acting, Bullard and Gellman deduced that B, is of the 
order of a few hundred gauss. Some of the main results of Bullard and Gellman 


are summarized in Table 5.1. 


Table 5.1. Some of the Features of BULLARD and GELLMAN’s Dynamo 
(1954), taking o, the Conductivity of the Core, to be 3 X 10-* e.m.u. 


Dependence on o 


Maximum radial velocity| 0-014 cm/sec i 
Maximum azimuthal 
velocity . . | 0:04 cm/sec 
Maximum strength of 
toroidal field in core . 480 G o! 
Linear velocity at core 
surface associated with 
westward drift . 0-03 cm/sec 
Strength of dipole field 
at core surface . 38G 


In Parker’s theory (/oc. cit.) fairly irregular thermal convection in the core 
together with non-uniform rotation are supposed to interact with the magnetic 
fields there, and in this respect Parker’s model resembles Bullard’s, where a 
toroidal field is produced out of a poloidal field by the stretching of lines of 


force by azimuthal motion. Parker then notes that in a rotating system, con- 
vection cells will have vorticity associated with them analogous to cyclonic 
systems in the atmosphere, and suggests that this vorticity will result in the 
creation of small loops of poloidal field out of the toroidal field. The next step, 
is supposed to be the coalescence of these loops, which results in the production 
of larger loops of field which pass out of the core and thus form the surface 
dipole. In spite of the mathematical difficulties involved in treating this interest- 
ing model, PARKER (/oc. cit.) and PARKER and KROoK (1956) attempted to give 
simplified theories of the two key processes, namely the production of small 
loops and the coalescence of these loops into larger ones. In treating the first of 
these problems, infinite conductivity was assumed. This is probably a valid step 
although no justification was advanced. Moreover, in establishing the equili- 
brium conditions in which the rates of production and destruction of small 
loops are equal, it was necessary to replace the correct equilibrium equation 
(5.1) by a simpler equation, in order to find a solution at all. It is not clear 
from Parker’s paper whether the cancellation of stray fields, required as a con- 
dition for his mechanism to operate, also results in too high a degree of symmetry 
having regard for the restrictions imposed by Cowling’s theorem. 

As we have stated, through their rigorous treatments of specific models, 
HERZENBERG (1958) and BAcKus (1958) were able to show that it is possible to 
choose a velocity field in a homogeneous fluid sphere that could definitely give 
rise to a self-exciting dynamo. Rigorous proof was not given in Bullard’s model 
because of the difficulty involved in taking into account the interaction of higher 
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harmonic components of the field. Herzenberg avoided this difficulty by taking 
a very simple field of motion, namely, two rotating solid eddies embedded in a 
stationary spherical conductor. By taking the size of the eddies as much less 
than the separation between them, at the second eddy (say) the higher harmonics 
of the field produced by the first eddy could be made arbitrarily small. 

Backus chose quite a different type of fluid motion. An azimuthal shearing 
motion symmetric about the axis of rotation proceeds for long enough to 
produce from any arbitrarily weak poloidal field (such as a dipole field) a very 
large toroidal field in the manner already demonstrated by Bullard. The motion 
is supposed now to cease, and this is the essential step, because during the follow- 
ing period of “stasis” ohmic losses will lead to a decay of all fields present but 
the higher harmonics will decay the more rapidly. After a sufficient period of 
time, the only significant field will be the toroidal decay field corresponding to 
the spherical harmonic cos §. At this stage, almost any velocity which has a 
radial component and is not axisymmetric will regenerate the initial poloidal 
field, and the external dipole moment. 

Thus, while Herzenberg appeals to “‘geometrical” attenuation of higher 
harmonics of the field by having his two eddies far enough apart, Backus 
appeals to ohmic attenuation by having a period in which there is no motion to 
allow his fields to decay. The velocity fields chosen by Backus and by Herzen- 
berg are, of course, highly artificial and are not likely to represent even crude 
approximations to the conditions in the core. 


V.3 The “Solid Eddy” Induction Model of the Cause of the Non-dipole Field 


BULLARD (1948), noting that the rapidity of the secular variation “‘defies any 
explanation that does not invoke motions in the Earth’s liquid core”, suggested 
that the strong isoporic focus near South Africa might be accounted for in terms 
of changes associated with inductive interaction between a fluid eddy in the core 
and the main field there. In order to calculate the magnetic field produced in 
this process, Bullard represented his eddy first by a rigid isolated sphere of 
radius a rotating with angular velocity w in a uniform magnetic field of strength 
By, and then by a very long rigid cylinder of radius a rotating about its axis. He 
found that when the field is along the axis of rotation, induction gives rise to a 
charge distribution but as the conductor is isolated no electric currents flow and 
consequently there is no induced magnetic field. However, when the magnetic 
field is transverse to the axis of rotation, no charge distribution can balance the 
electro-motive forces due to induction, and therefore currents flow which pro- 
duce a magnetic field. The behaviour of the system depends on the value of the 
appropriate R, of the system (Sec. I.4), where 


R, = 4rouwa?. 


When R, is very small, in the case of a sphere, the external magnetic field 
produced by the induced currents is equivalent to that of a dipole of moment m 
situated at the centre of the sphere and aligned at right angles to both the axis 
of rotation and the magnetic field. The value of m is given by 


R,Bya® 2mowa°By 
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This result holds so long as R, is much less than unity, because then the induced 
field at the surface of the sphere is only a small fraction of By. However, at 
higher values of R,, m becomes independent of R,, and tends to the value 


1 
... (5.4) 


In addition, the orientation of the dipole moment changes, the direction 
swinging round as R, increases until it becomes antiparallel to By. At this stage, 
the induced currents flow in a very thin skin of thickness (27oyw)~ at the surface 
of the sphere, screening the interior of the conductor from the applied field. 

Similar results hold for cylinders in which the induced magnetic moment per 
unit length m, is given by 


1 


1 
mM, = > 1). .(5.5b) 
Table 5.2 shows how the minimum value of By required to produce irregularities 
in the surface field of the magnitude observed depends on a and w, assuming that 
the eddy touches the core-mantle boundary. According to this Table big eddies 


Table 5.2. Radius a of an Isolated Rotating Conductor and the Mini- 

mum Value of the Strength of the Normal Inducing Field, By:,, required 

to Account for an Irregular Field of Strength 0-08 G at the Earth’s 

Surface, if the “Eddy” touches the Core-mantle Boundary. (Based on 
BULLARD, 1948) 


a (km) 100 200 
Bmin (G) 
(Spherical eddy) 4000 600 
Bmin (G) 
(Cylindrical eddy) 70 20 


would be required if By is as low the few gauss corresponding to the dipole field 
there, but in the presence of toroidal fields of several hundreds of gauss (Table 
5.1) smaller eddies would suffice. However, By is the minimum value of the field 
required, and the actual value will be greater than this. The velocities required 
for R,, large enough for m to be over 80 per cent of the asymptotic value is given 
by (5.4) or (5.55), were calculated by Bullard on the basis of o = 10-® e.m.u. 
Taking o = 3 x 10-*e.m.u. we find the results given in Table 5.3. Whatever the 
spectrum of the secular variation, it is certain that there are strong components 
in the range of period much less than 270 years, so that provided that the eddies 
are reasonably large the velocities required on Bullard’s model are not at all 
unreasonable. 

In criticizing his simple model, Bullard pointed out that a better approxima- 
tion would involve taking into account the effects of surrounding the rotating 
eddy by a stationary conducting medium into which induced currents would be 
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Table 5.3. The Angular Velocity w, to be exceeded on Bullard’s Isolated 

Eddy Model for the Induced Magnetic Moment to exceed 80 per cent of 

the Asymptotic Value, as a Function of a, the Eddy Radius. (Based on 
BULLARD, 1948) 


Eddy radius a (km) 100 200 
(sec~?) : 3 x 10-8 7x 10-° 
v = aw, (cm/sec) . 0-3 0-1 
T = 2n/w, (year). 8 30 


able to spread. In the case of axial inducing field there is now an induced field, 
because the polarization that arises in the case of an isolated rotation can no 
longer be maintained, and steady currents flow. When the inducing field is at 
right angles to the axis of rotation, the leakage of currents into the stationary 
conductor results in a slight reduction of the induced field. HERZENBERG and 
Lowes (1957, 1958) have examined such effects in detail, allowing in some cases 
for the shape of the stationary conductor. Some of their findings are summarized 
in Table 5.4 where the minimum value of a required to account for the irregular 
field strength is given for a number of values of Bp. 


Table 5.4. Radius a of a Non-isolated Cylindrical Eddy and Inducing 
Field By required to produce 0:08 G at the Earth’s Surface. (After 
HERZENBERG and Lowes, 1957) 


Applied inducing field 4 20 100 
By (G) 

Eddy radius a (km) 
(transverse applied 
field) 760 440 260 

Eddy radius a (km) 
(axial applied field) 1700 930 490 260 


It can be seen that an inducing field of only 4 gauss would suffice if a is as high 
as 2000 km, and Herzenberg and Lowes showed that because a single eddy can 
give rise to as many as four current loops, a few eddies of this size could easily 
account for the complications of the observed non-dipole field. If the main 
field in the core is 400 gauss, Table 5.4 suggests that much smaller eddies might 
suffice, but these seem to be ruled out because of the rapid velocities required, 
and high power supply needed to overcome resistive losses. 


V.4 Bullard’s Theory of the Westward Drift and the Hydrodynamics of the 
Earth’s Core 

In the work described above, fluid velocities have been specified and the 
consequences examined. An implicit assumption has been made that these 
motions are dynamically plausible and that there is an energy source driving 
the motions and maintaining their kinetic energy against dissipation through 
friction. At this point, therefore, we must inquire a little more closely into the 
hydrodynamics of the Earth’s core. 
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This is a very difficult problem indeed. We do not know enough about the 
conditions prevailing in the Earth’s interior, including the nature of the agency 
responsible for driving core motions, to be able to formulate the “boundary 
conditions” under which equations (1.9) to (1.13) would have to be solved 
simultaneously, and even if these “boundary conditions” were known, these 
equations would still be too difficult to deal with. Consequently, investigations 
have been tentative and not too conclusive, although a number of interesting 
points have been raised. Most of these have already been discussed by HIDE 
(1956a) and, in this section, only the main ones will be outlined and a few new 
ones will be presented. 

Of the two dissipative agencies in the core, namely, viscous friction and 
Joule heating, the latter is almost certainly the more important (Sec. I.4). 
Assuming that there are electric currents in the core which can maintain a 
toroidal field of several hundred gauss, BULLARD and GELLMAN (1954) have 
estimated that if o = 3 x 10-* e.m.u., energy dissipation through Joule heating 
in the core amounts to 5 x 10~* erg/cm*, or 5 x 104 watts, a value which 
depends rather sensitively on o, going as a~*. Possible agencies capable of 
supplying energy to the magnetic field via hydrodynamical motion in the core 
have been suggested. BULLARD (1949), in a fairly systematic treatment of this 
question, showed that core motions due to the slowing down of the mantle by 
tidal friction, and to nutation are far too feeble. Whether the precession of the 
Earth has a significant effect is still not known, and remains an open question 
(BULLARD, 1949; Bonpi and LyTTLETON, 1953 and above, Sec. III; see also 
Hipe, 1956a). Bullard showed that if it is assumed that thermal convection 
occurs in the core as a consequence of radioactive heating, the concentration 
of radioactivity required is much less than that found in surface rocks. UREY 
(1952), however, considered Bullard’s suggestion unacceptable and invoked an 
alternative suggestion, namely, that iron is constantly seeping out of the mantle 
into the core, which it stirs as it falls inwards, a process which, it was argued, 
could deliver energy at a sufficient rate. 

BULLARD (1949) has advanced a theory of the westward drift based on over- 
turning motions in the core such as those which would, for example, be set up 
by convection. Such a flow would necessarily involve rising and falling currents, 
and if individual particles of fluid tend to conserve angular momentum, differ- 
ential rotation would be set up between different parts of the core, the outer 
parts moving more slowly than the inner. This differential rotation is required 
on the dynamo theory to produce the toroidal field. (For simplicity, Bullard 
considered the angular velocity to be a function of radial distance alone.) The 
magnetic torques associated with the toroidal field (BULLARD, 1949; BULLARD 
and GELLMAN, 1954), are supposed on Bullard’s theory, to counteract the advec- 
tive flux of angular momentum associated with the radial motion, and thus keep 
the whole system in equilibrium. Sources of the irregular field and secular 
variation located in the outer half of the core would be swept westward relative 
to the Earth’s surface at a rate which is of the right order of magnitude to 
account for the westward drift. On this model, moreover, if the angular 
momentum changes associated with moderate alterations in the westward drift 
rate can be communicated to the mantle, changes in the length of the day of the 
magnitude observed could be accounted for (VESTINE, 1952; RUNCORN, 1954). 

Although Bullard’s picture of the motions in the core is based on a number 
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of assumptions, it has been worked out in some detail and shows a fair degree 
of self consistency. No alternative model has received such detailed treatment. 

Several writers have considered the general orders of magnitude of the different 
terms in the equation of motion, equation (1.9), in an attempt to approximate 
this equation by something much simpler in terms of which core hydrodynamics 
can be discussed. This is a somewhat uncertain procedure (HIDE, 1956b), the 
upshot of which is that inertial forces (p(¢u/ot + (uw. V)u)) and viscous forces 
(pv Vu) can probably be safely ignored, but Coriolis forces (2p X u) and the 
Lorentz force (j X B) are dominant, and probably comparable in magnitude. 
In thermal convection, p is not constant, and the buoyancy force pVV is respon- 
sible for driving the flow. 

The system is far from a state corresponding to equipartition between 
magnetic energy and kinetic energy of relative motion, the former exceeding the 
latter by several orders of magnitude. If one believes the order of magnitude 
calculations, however, it would appear that the system probably adjusts itself 
until Coriolis forces and the Lorentz forces balance. This feature is implicit in 
Bullard’s specific model, the magnetic torques balancing the advective flux of 
angular momentum. It is already known through the work of CHANDRASEKHAR 
(1954a, 1956) that rather unexpected things can happen in Bénard convection 
when magnetic fields and rotation have comparable effects. Further study of 
magneto-hydrodynamic system involving rotation should lead to a better 
understanding of why this balance occurs in the core. 

The importance of Coriolis forces was first recognized by FRENKEL (1954) 
who suggested that the axial nature of the Earth’s dipole moment is probably 
a consequence of the dominant effect of the Earth’s rotation on core motions. 
This suggestion has been emphasized many times by a number of authors since 
it was first made (cf. Hrpg, 1956a). 

There has been some experimental work on thermal convection in rotating 
liquids. Hip (1952, 1953, 1956b, 1958), FuLtz (1951, 1956), RtEHL and FULTZ 
(1957) have studied thermal convection in water of depth d contained between 
vertical concentric cylinders of radii a and b, maintained at temperatures 7, and 
T, respectively, rotating about their common axis with uniform angular velocity 
Q.. Hide discovered that the type of flow occurring depends on a dimensionless 


parameter, 
gdlp(T,) — 


When © exceeds 1-6, corresponding to low rotation, the flow is axisymmetric, 
being basically a meridional vortex. Owing to symmetry individual fluid 
particles tend to conserve their angular momentum, and as in Bullard’s theory 
of the westward drift, azimuthal flow is thus generated. One can regard the 
azimuthal flow as being caused by Coriolis forces acting on the radial flow 
associated with the meridional vortex. 

This state of affairs does not persist, however, as the effect of rotation becomes 
larger. When © has dropped to 1-6 the flow pattern changes to a completely 
different type, characterized by mainly horizontal flow. The flow pattern, 
which has the form of a series of waves in which the motion is confined to a 
thin meandering stream, is quite steady apart from a slow uniform drift of the 
wave pattern relative to the rotating apparatus. The sense of the motion in the 
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wave pattern and of the drift depend on the sign of 7, — T,, being eastward or 
westward according as T, — T, is positive or negative, although there are theor- 
etical reasons for expecting the drift to depend also on the shape of the fluid 
boundaries in more complicated situations. 

At very low values of ©, when Q has its greatest effect, although a wave flow 
occurs, it is subject to erratic fluctuations in which the thin meandering stream 
undergoes rapid changes in shape and frequently sheds small eddies caused by 
the instability of this region of high shear. There is still a discernible drift, but this 
is no longer uniform. It undergoes erratic changes, although on average it has 
the same sense as that occurring in the steady wave flow régime. 

It would be tempting to apply these results directly to the core, and assume 
that Coriolis forces were sufficiently strong there for irregular wave flow to 
occur. The westward drift would then be a manifestation of the general drift of 
the flow pattern, and the irregularities would, by inductive interaction with the 
magnetic fields in the core, produce the geomagnetic secular variation. The 
motion has both toroidal shear and a poloidal component that is not axially 
symmetrical, and it may be capable, therefore, of driving a dynamo, although this 
would have to be demonstrated, of course. However, without an understanding 
of the effects of Lorentz forces and of the spherical symmetry of the system 
(including the gravitational field) on the hydrodynamical phenomena described 
above, any application of the results of laboratory investigations to the core 
must be regarded as speculative. 

On ignoring the small order terms in equation (1.9) it is found that 


X u) = — Vp +7 XB+ pV, (5.7) 


which, although much simpler than the original, is still too hard to solve. 
However, it has a number of important properties, many of which have already 
been discussed in the context of the Earth’s core by Hip (1956a). For example, 
it is instructive to examine the effect of Coriolis forces when magnetic forces are 
absent. Ignoring 7 x B and taking the curl of the last equation we find that if 
Pi <Po 4 


Vp, X VV 


where the z axis is taken as parallel to axis of rotation, py being the hydrostatic 
density and p, the density associated with the temperature field due to heating, 
assuming that the motion is convective. 

Taking spherical co-ordinates (r, 6, 6) it may be shown that if the density 
field is axisymmetric then w is azimuthal. When, on the other hand, dp/e¢ + 0, 
u, and u, do not vanish, but are related to one another in such a way as to ensure 
that u, does no work. This type of motion is not thermal convection, the essence 
of which is the conversion of the potential energy associated with the density 
field into kinetic energy by the buoyancy forces associated with rising and falling 
motions, but this result is not surprising because friction has been ignored and a 
steady state assumed. 

When due allowance is made for damping, the velocity field must adjust itself 
to enable buoyancy effects to make good dissipative losses. The speed of 
vertical motion involved may be quite low if friction is low, but, if the conjecture 
that the Lorentz forces are comparable in magnitude with Coriolis forces in the 
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core is correct, the speed of vertical motion may be as high as that of horizontal 
motion. 

In the simplest case of all, when all density gradients vanish equation (5.8) 
leads to the result that 

ou 

0. 
This leads immediately to the famous Proudman—Taylor theorem (Hipe, 1956a) 
which states that “‘slow, steady relative motion of an inviscid fluid of uniform 
density which otherwise rotates uniformly would be confined to planes perpen- 
dicular to the axis of rotation,” because then, as du,/0z = 0, if u, vanishes 
anywhere it must vanish everywhere. If applied to a fluid in a rigid spherical 
container, this theorem is more restrictive, the only non-vanishing component 
of being 

In a real fluid of low viscosity it is probably reasonable to expect this theorem 
to apply in many cases, but there are circumstances where the boundary con- 
ditions are in conflict with the condition that u, = 0 everywhere. An example 
of this is the case of viscous fluid contained between concentric spheres of radii 
a and b (b > a) which rotates very rapidly about an axis through their centre 
but at slightly different rates, Q(1 — e) and Q respectively. Because there can be 
no slip between the fluid and the spheres, owing to centrifugal force the pressure 
at a point adjacent to one sphere will differ from that at the point which is 
adjacent to the other and at the same distance from the axis of rotation as the 
first point. If « > 0, this pressure difference tends to drive the fluid parallel to 
the z axis from the inner to the outer sphere. For this flow to satisfy the 
Proudman-Taylor theorem, u, must be independent of z. By continuity, there 
must be a return motion, and this can only take place within regions in which 
the Proudman-Taylor theorem does not hold, namely, viscous boundary layers. 
Such boundary layers occur on the two spheres, and the return flow from the 
layer on the outer sphere to that on the inner occurs in a cylindrical region of 
high shear where viscous forces again vitiate the Proudman-Taylor theorem. 
The radius of this cylindrical “boundary layer” is equal to that of the inner 
sphere (PROUDMAN, 1956). 

In this particular system, it is the differential rotation that generates the flow. 
Hipe (1953) has performed an experiment in which the flow is generated by 
maintaining the spheres at different temperatures, the differential rotation being 
zero. Although the flow was more complicated than in the other case, a region 
resembling the cylindrical boundary layer was observed. If rotation causes such 
effects in the core, the latitude at which the cylindrical layer intersects the core- 
mantle boundary would be between 66° and 70° (taking the solid central body 
to be a sphere of radius between 1400 and 1300 km). This is the basis of the 
suggestion made in Sec. III.3. 


VI. THEORY OF THE SECULAR VARIATION 


VI.1. Hydromagnetic Models 
We have seen (Sec. V.3) that considerations of the non-dipole field lead to a 
picture of a few large eddies (radii about 2000 km) in the core rotating in an 
ambient field of at least 4 gauss. When the eddy model was first proposed by 
Bullard, it was hoped that this picture would also explain the secular variation 
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field which would then be thought of as being due to changes in the radii, 
angular velocities and positions of the eddies concerned. At first this model 
appeared to be unsatisfactory (Lowes and RUNCORN, 1951) because the relatively 
large size of the eddies required was inconsistent with an argument which 
required the eddy to lie totally within the uppermost 100 km of the core, this 
being the “skin depth” in a solid conductor (o ~ 3. 10-®e.m.u.) to changes 
whose periods are of the order of decades. According to this objection, all 
changes occurring in the core below this skin depth would be screened from 
observation by the currents they induced in the overlying material of the core. 
This would undoubtedly be the case if it could be legitimately assumed that, for 
the purposes of the argument, the core behaves as a solid body (i.e. if, in the 
terminology of Sec. I, M were large). However, this is not the case and, as 
RoserTs (1954; reported by RUNCORN, 1954) has demonstrated, the argument 
is fallacious simply because hydromagnetic waves can transmit magnetic 
changes from deep within the core to its suriace swiftly and with little attenuation. 
That this process is swift has already been shown (cf. Sec. I, equation (1.8) 
et seq.). That the waves are little attenuated can be demonstrated easily by the 
following elementary calculation. 

Suppose that a uniform field By is perturbed by a prescribed oscillation in a 
plane perpendicular to By and that @ is the frequency of the oscillation and / is 
its wave-length in directions perpendicular to By. Except for the case of infinite 
/ (when the analysis is exact), we suppose that the perturbation field generated 
by the oscillation is small compared to |By|. Alfvén waves are set up, and these 
travel in each direction down the lines of force away from the plane of excitation, 
and are attenuated chiefly by ohmic losses. Ignoring the effects of rotation and 
viscosity, the skin depth D in which the amplitude of the perturbations are 
reduced by a factor of 1/e, is found to be (Appendix B), 


+ 


where we have assumed that dy = (24/w)* the skin depth for a solid conductor 
is much smaller than both the wavelength / perpendicular to By and the wave- 
length 27V/@ in the direction of Bp. 

The result (6.1) has an extremely simple interpretation. In a frame moving 
with an Alfvén wave, the current system associated with the wave will not be 
greatly influenced by the fluid motions. If, therefore, we neglect these motions, 
it will decay away to a fraction 1/e in a time 7 typical of solid conductors, 
namely L?/47*/, where L is a typical dimension of the system. Typical dimensions 
are the two wavelengths / and 27V/w. If either of these is much smaller than the 
other, it will govern the decay time (cf. Sec. IV), i.e. the decay time 7 will be 
JA(1/27)?, if and will be V?/Aw?, if 27/1 </V. If neither predomi- 
nate, it may be simply shown from the diffusion equation, that the approximate 


decay time is given by 
| 
l 


Now returning to a frame which is at rest with respect to the main body of the 
fluid, we see that, during the decay time 7, the wave has travelled a distance of 
Vr, and this must, accordingly, be the skin-depth D. 
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In cases of geophysical interest, the skin depth D is enormous. Even taking / 
as small as 300 km and w as large as 27 year, D exceeds 4000 km, even when 
the poloidal field alone is considered (B ~ 4 gauss). The existence of toroidal 
fields improves the argument. A toroidal field increases the length of path 
which the wave must travel as it follows the lines of force from the inside of the 
core to its surface, but the increase in V associated with the greater field strength 
increases D more than enough to compensate for this. 

The argument above is concerned with the transmission of a disturbance down 
the lines of force. For completeness, we must consider the transmission 
across the lines of force. In this case we consider that the system is excited 
by buckling the lines of force that lie in a particular plane containing lines of 
force. Here the coupling between this plane and the other lines of force is 
diffusive and it may be shown (Appendix B) that 


ol 
x7 4, 


where we have assumed, as before, that d) is small compared to 27V/w. This 
result is very different from (6.1) and brings out the essentially anisotropic 
behaviour of Alfvén waves; the energy is ““channeiled” down the lines of force 
and, in some cases (those for which / < 27V/w in (6.2)), the skin depth perpen- 
dicular to the lines of force is actually less than that in a solid conductor. 

Before it can be concluded that Alfvén waves in the core are important in 
their effect on the magnetic field at the Earth’s surface, it must be shown that 
they do not suffer total internal reflection when they strike the core boundary. 
This is indeed so for the case of the secular variation (see Appendix B, where 
the theory of reflection of Alfvén waves normally incident on a solid boundary 
is given). 

Because the above discussion has shown that the fields associated with Alfvén 
waves cross the core and pass into the mantle with little attenuation, it must not 
be thought that, when considering the transmission of energy in the Earth, the 
core may be treated as an infinitely good conductor. Whether or not this is 
possible depends on whether the disturbance is a simple “rearrangement of the 
lines of force” already present in the core, or whether it involves a “creation of 
new lines of force.” The distinction between these two processes may be 
clarified by a simple example. Consider any simply connected volume of fluid 
¥ in thecore. The net flux of field out of the volume is zero, i.e. the positive and 
negative fluxes are equal and opposite. If the core were infinitely conducting, 
no motions could increase or decrease these fluxes (BONDI and GOLD, 1950), 
although a disturbance could still be propagated swiftly out of VY to the Earth’s 
surface simply by rearranging the lines of force that already thread both YW and 
the surface of the core; and, if no lines of force crossed the surface of the core, 
no motions within the Earth could produce any external field no matter how 
strong the internal field might be. 

However, the material of the core is not a perfect conductor and, if motions 
within the volume ¥ tend to generate electromagnetic energy, they will create 
new lines of force which will alter the positive and negative fluxes crossing the 
surface of Y; and, even if there are no lines of force crossing the surface of the 
core initially, the internal field could still seep out by diffusion and create an 


external field. 
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The simple Alfvén waves we have discussed above must, of course, be classed 
as a rearrangement of the pre-existing lines of force of the uniform field By and, 
as we have seen, they are little dissipated during the time they take to cross the 
core. But it is not clear that a source which generates new lines of force will be 
able to impart them to the fluid quickly. In fact one might anticipate that in a 
time 7 after the source had been introduced, the new lines of force would have 
spread out from the source into the fluid a distance of the order of »/(AT/z) 
(this being the skin depth in a solid conductor for a frequency of 27/T). Certainly 
such a result would not conflict with the requirement that the lines of force 
should spread infinitely slowly from a source in an infinitely conducting fluid. 
The result is correct for small times (T < A/V) but it is not true in general for 
large times (T> 4/V*), and once more the analogy with the corresponding 
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Fig. 6.1. Changes produced in an initially uniform field by the introduction of a 

dipolar source of electromotive force. The full lines show the distorted lines of force 

and the dotted lines show the streamlines of the fluid motion. They are given for the 

time 10A/V? after the introduction of the source. Fig. 6.1 (a) gives the case in which 

the axis of the dipole is parallel to the uniform field. Fig. 6.1 (6) gives the case in which 
it is perpendicular. (After MOHANDIS, 1959.) 


results for a solid conductor proves to be misleading. The lines of force diffusing 
from the source set up Lorentz forces which cannot, in general, be balanced by 
pressure gradients. Alfvén waves quickly carry the new lines of force away from 
the source down the lines of force of the prevailing field Bo. 

The picture just presented has been confirmed by MOHANDIs (1959) and 
RosertTs (1955, 1957, 1959) who have considered in detail this process of the 
spreading of new lines of force from a source into a surrounding fluid in which 
a (uniform) field prevails. Their work may be criticized on the grounds that 
it is a small perturbation analysis and it is possible, though not particularly 
likely, that a finite amplitude analysis on the same lines would show quite 


different features.* 
Figs. (6.1a) and (6.1b) show the lines of total field B (= By + b) and fluid flow 


* Some mathematical points arising from their work must be made. Their results can be 
regarded as finding the Green’s function for a (highly idealized) source, namely a dipole, 
placed suddenly in an unbounded finitely conducting fluid. Naturally, such a Green’s function 
will violate the perturbation condition near the source. However, for an extended source, the 
solution obtained by adding the Green’s functions for each dipolar element of the source need 
not violate the perturbation condition anywhere. For such an extended source, the solution 
corresponds to the sudden switching on of an electromotive force in certain regions of the fluid. 
The fact that they have chosen such a source rather than a body force for the velocity field 
(which would have been more realistic, geophysically) is not important, since the Green’s 
functions for these systems, whether electrically or hydrodynamically excited, are, to all intents 
and purposes, the same. 
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(dotted) in two cases; one in which the dipole source is parallel to the prevailing 
uniform field By and one in which it is perpendicular. They are given for the 
time T = 10A/V?. 

The analysis we have described ignores the effects of viscosity and rotation. 
The viscosity of the core is probably too small to affect the results appreciably 
(Sec. 1). However, the omission of Coriolis forces is a more serious matter and, 
moreover, once Coriolis forces are included, viscosity may play an important 
and subtle role. Up to the present time, there appear to have been no detailed 
investigation of the effects of Coriolis forces under the conditions that may be 
expected to prevail in the core. 


VI.2 Advection of Field 


We have seen how motions in quite localized regions of the core can radiate 
hydromagnetic waves and thereby produce rapid changes in field at distant 
points both inside and outside the core. Of course, the fluid particles in regions 


Fig. 6.2. The model proposed by Coulomb to describe the horizontal advection of 
poloidal field by a convective upwelling in the core. The fluid ascends in the vertical 
column and spreads out horizontally in a thin “nappe’’ near the surface of the core. 


crossed by the wave remain in approximately the same position. However, 
there is another important possibility; the body forces acting in the core may 
generate motions that advect the lines of force bodily. It is unfortunate that all 
published studies of this important process have neglected the effects of the 
Lorentz forces, i.e. in the terminology of Sec. I, induction models are the only 
ones that have been considered so far. As we have seen, M is not large in the 
core so that neglect of the hydromagnetic effects may have undesirable 
consequences (Sec. I). 

CouLoms (1954, 1955) proposed a simple model to simulate the advection 
of the poloidal field by convective upwelling motion in the core. He represented 
the poloidal field by a uniform field threading a core and mantle consisting of 
semi-infinite regions separated by a plane interface. He represented the convec- 
tive upwelling by a vertical column of alternately rising and falling fluid that 
spread out into a thin “‘nappe” just below the core boundary and in which the 
flow was horizontal and alternately radially away and towards the axis of the 
vertical column (Fig. 6.2). Coulomb took the thickness of the nappe to be 50 km, 
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or about one skin-depth for a solid core for the period of 100 years. This was a 
natural choice since all hydromagnetic effects are absent in his model. The 
vertical motions played a very minor part in the induction of field and were only 
necessary to supply the horizontal motions with a source and sink of fluid. His 
model is essentially one of horizontal advection of field. By comparing the 
results of his theory with the magnetic observations, he concluded that the 
(maximum) material flux involved in the motions must be of the order of 
5-10! cm?/sec. It follows that even at a distance of only 160 km from the axis 
of the column, the horizontal motions are only of the order of 1 cm/sec, and fall 
off linearly with distance from the axis. These velocities are certainly a little 
higher than the magnetic observations indicate (e.g. westward drift), but may 
not be out of the question. However, the vertical velocities implied by the flux 
of 5-10'* cm?/sec—! seem too large. Coulomb arbitrarily assumed that the cross- 
sectional area of the column would be about 100 km?, and this led to vertical 
velocities of 5 metres/sec. But, even if the cross-sectional area were 10° km?, the 
vertical velocities would be 0-5 cm/sec, and this also seems rather too large (cf. 
Table 5.1). CouLoms (1954, 1955) and BULLARD (1955a) have regarded these 
large values as proof that horizontal advection of the poloidal field does not 
play an important part in the secular variation. However, there are two 
unrealistic features of Coulomb’s model. First, the large vertical velocities arise 
only because the horizontal motions that he has assumed are not source-free. 
Had he chosen them to be source-free (and this would not be unrealistic), he 
could have obtained equally large induced fields with motions of the same 
magnitude without having to invoke vertical motions at all. Secondly, he 
neglected all hydromagnetic effects. Had he chosen to excite the system 
by prescribed body forces, he would have found that horizontal velocities 
in a much thicker “‘nappe” could have contributed to the advection. It is 
understood (private communication) that Allan and Bullard plan to pub- 
lish further investigations of advection of the poloidal field in the near 
future. 

Coulomb’s mechanism is essentially one in which the net positive and net 
negative fluxes (which are, of course, equal and opposite) of field from the core 
are not altered but secular change is produced by rearranging the lines of force 
that already thread mantle and core. A study of vertical advection has been 
made by ALLAN and BULLARD (1958) in a short note already published and in 
another paper forthcoming. In these, they study the effect of upwelling motions 
upon the toroidal field. They show that such motions can lift segments of the 
toroidal field bodily from great depths in the core, where it is strong, to the 
surface, where it is weak. Since the material of the core is not a perfect con- 
ductor, the toroidal field can, and in fact does, separate itself from the fluid that 
has carried it upwards and it is pushed into the mantle. Thus, in contrast to 
Coulomb’s mechanism, the upwelling alters the net positive and the net negative 
fluxes of field from core to mantle, i.e. it generates lines of force outside the core 
from lines of force previously inside it. The equilibrium state is governed by 
the requirement that the rate at which lines of force are advected must equal the 
rate at which they drift through the fluid; i.e. in equilibrium, 
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where U, L are typical velocities and length scale of the advective motions, B 
is a typical strength of the toroidal field and B, a typical strength of the poloidal 
field generated by the motions. 

Allan and Bullard find that, in the early stages, the effect of upwelling on both 
poloidal and toroidal fields is rapid and is governed by the velocity of the advect- 
ing fluid. The rise is more rapid for the poloidal field. This, presumably, is 
because, in the case of the toroidal field, fluid and field must separate at the core 
boundary before the field can be pushed into the mantle and this process is slow 
because of the high conductivity of the core. However, the eventual magnitude 
of the change is greater in the case of the toroidal field. This, presumably, is 
because larger fields are available (the toroidal field deep in the core is likely to be 
large—see Sec. V). After these early phases of rapid changes, the approach to 
the final steady state is more gradual. In the case of the toroidal field, the lines 
of force pushed into the mantle remain as a sharp “blip” near the regions where 
the rising motions meet the core boundary, and this blip only gradually diffuses 
horizontally towards its final equilibrium shape. This, again, is a consequence 
of the omission of hydromagnetic effects. It may be anticipated that, 
had the authors specified body forces rather than fluid motions, the blip 
would have widened quickly along the lines of force towards its equilibrium 
shape. 

Allan and Bullard have not restricted their discussion entirely to the case of 
small perturbations. In the case of advection of the toroidal field, they have 
carried out computations of the finite amplitude case and find that the changes 
are even more rapid than their perturbation analysis had led them to expect. 
The physical reason for this is not clear. 

Although the Allan and Bullard model of advection of the toroidal field 
contains the important feature of a strong toroidal field gradient at the core 
boundary, it assumes that the fluid motions are not influenced by the magnetic 
fields (i.e. p — 00) and that consequently no change can be transmitted more 
rapidly than by advection. This is an unrealistic feature and in Appendix B 
another model is considered which, although there is no toroidal field gradient 
at the core boundary, does include hydromagnetic effects. In contrast to the 
Allan and Bullard model, the equilibrium state is now determined by the balance 
of the Lorentz forces associated with the distorted field and the applied body 
forces; i.e. in equilibrium, 


B,~.upFL/B. ... (6.4) 
Compare this result with (6.3). 


One general criticism can be levelled at all the models described in this section. 
In each of them the length scale of the magnetic field is large compared with the 
length scales of the body forces and fluid velocities. However, since the coupling 
between the magnetic fields and the fluid velocities is so strong in cosmical 
systems, it is almost certain that these length scales are, in fact, comparable. 
In the case of the eddy model of the non-dipole field discussed in Sec. V, it is 
not likely that a more realistic variation of inducing field would alter the results 
considerably. However, for the models of the secular variation described here, 
it is not known how serious the objection is, but it should be borne in mind 
when considering the applicability of the ideas presented here. 
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VII. THEORY OF LONG PERIOD CHANGES 


VII.1 Large Amplitude Oscillations 


In this section, we shall describe the attempts that have been made to under- 
stand theoretically the reversals of the main field. At present the subject is 
highly speculative, and it is inevitable that this section should contain more 
“if’s” and “‘but’s” than the earlier ones. 

The implicit assumption of the theories we describe is that reversals are a 
manifestation of free hydromagnetic oscillations of the core. However, the 
time scale of reversals is so long (Sec. II) that there is no compelling reason to 
suppose that this is the case; the reversals might have occurred quite incidentally 
as a result of changes in the structure of the Earth’s interior. However, in the 
complete absence of any knowledge of such processes, it is logical to ignore the 
possibility of such forced oscillations and to consider only the free oscillations. 
Should it ultimately prove impossible to account for reversals in this way, it 
would then be necessary to reopen the more difficult question of forced 
oscillations. 

Most of the attempts that have been made to understand the free oscillations 
of the core have assumed that a phenomenon, which is as world-wide as a reversal 
cannot, in any sense, be thought of as a small perturbation of the Earth’s field, 
and that it is essential to understand the large amplitude oscillations of the core 
even if the models that then, for mathematical expediency, have to be chosen 
are idealized to the point of unreality. This idea draws added plausibility from 
the facts that reversals occur very rapidly geologically speaking (~ 10* years) 
and that they appear to be separated by widely different intervals of time 
(although the dating of geological epochs is so uncertain that one cannot be 
confident of this, Sec. II). Neither of these features would be unexpected in a 
non-linear system. However, before we describe the non-linear systems that 
have been studied, we must point out that it is not certain that reversals are 
incompatible with a simple linear theory. The field that leaks from the core may 
be a small fraction of the field inside, and it is possible that the external field is 
an incidental part of the total field. Indeed, BULLARD and GELLMAN (1954) and 
RUNCORN (1955b) have suggested that the dipole moment of the Earth may be 
quite sensitive to the precise form of the radial fluid velocities in the core. If 
this view proves to be correct, it may yet be possible to regard the dipole field 
and its reversals as resulting from perturbations of a larger toroidal field in the 
core. 

The non-linear systems considered are homopolar dynamos. It should be 
noted, however, that the discussion is not limited to such idealized systems but 
may be applied to any regenerative systems having similar features. 


VIL.2 Stability of a Simple Disk Dynamo 

BULLARD’s original investigation (1955) was concerned with the stability of 
the homopolar dynamo under perturbation of arbitrary amplitude. Although 
this system can show no reversals of field, we will consider its behaviour in some 
detail since it sets the stage for the later developments due to Rikitake whose 
model does show rapid and irregularly spaced reversals in qualitative similarity 
to the main field. Fig. (7.1) shows a self-excited disk dynamo driven by a 
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constant couple, G. Suppose, that / is the current flowing round the circuit con- 
sisting of disk (moment of inertia C), brushes and coil, and suppose L, R are 
the inductance, resistance of that circuit. The current / in the coil generates a 
field H (normal to the disk) which is proportional to J. The motion of the disk 
across H sets up a potential difference across the brushes which is proportional 
to both J and w, the angular velocity of the disk. If M is the coupling constant 


Fig. 7.1. A schematic representation of the homopolar dynamo. D is a disk rotating 

at angular velocity and generating a current / from the field produced by the coil C. 

Cis a fixed coil generating a field from the current J produced by the disk D. S, and 
S, are sliding contacts. 


(whose dimension is inductance) between coil and periphery of disk, this potential 
difference is MJ. Thus 
d/ 


Mol. 


The Lorentz interaction between the current flowing in the disk and the field 
crossing it gives rise to a decelerating couple of M/*, whence 


Properly started, the dynamo can remain forever in a steady state in which 
current and angular velocity are adjusted to balance the Lorentz force against 
the driving couple, and the rate of dissipation by Joule losses against the rate 
of working of the couple. In this state w and J have, respectively, the critical 
values 


If the system is not started with these values, both w and / oscillate in a closed 
cycle (but not simply harmonically) about its equilibrium state (7.3). Neither 
current nor field ever reverse their directions but the angular velocity can do so, 
if the amplitude of oscillation is sufficiently large. In such extreme cases, the 
field is very small for most of the cycle and during this period the angular 
velocity increases until the disk is rotating far beyond its critical speed. The 
current then grows extremely rapidly and the concomitant forces result in a 


D 
dw 
Cz MP. 
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rapid slowing down in which the velocity is brought well below its critical value, 
and may even be reversed. The period of the complete cycle is of the order of 


Ty = (LC/GM)}, (7.4) 


and, as Bullard showed, this should be identified in a fluid body with the time 
taken by Alfvén waves to cross it. Bullard noted that this time is too short for 
the Earth and suggested that Coriolis forces might lengthen the time. 

We have seen in Sec. I.4 that Alfvén waves are seriously modified in a highly 
rotating system. In the limit of strong rotation, one of the two phase velocities 
given in that section corresponds to a semi-diurnal tide modified (slightly) by 
magnetic forces. The other corresponds to a hydromagnetic wave (substantially) 
modified by Coriolis forces. When the axis of rotation is parallel to the field, 
the speed of propagation of this second mode is of the order of B?/2ypQI, 
where / is the wavelength of the wave in the direction of propagation. Taking 
values which may be typical of the conditions in the core (Sec. I.4), we find that 
the time taken by this wave to cross the core may be as long as a million years. 
This shows that Coriolis forces can, indeed, bring the periods into the range of 
interest. 

Precise calculations by Chandrasekhar confirm this view. He has considered 
the effect of Coriolis forces on convection in a layer of fluid (1953, see also 
CHANDRASEKHAR and ELBERT, 1955), and the effect of magnetic fields upon 
convection both with (1954a, 1956) and without (1952, 1954b) rotation. He has 
shown that convection in such systems is not necessarily like ordinary cellular 
convection of the Bénard type, but can occur as “‘overstability’’, i.e. the convec- 
tion can take place in cells in which the fluid motion alternately rises and falls. 
Chandrasekhar’s calculations (1956) of the period of these oscillations do not 


extend to sufficiently large Rayleigh (Ra) and Taylor (Ta) numbers for a firm 
estimate to be made for the case of the core. However, an approximate calcu- 
lation for the relevant case (Ta = Ra®; see HIDE, 1956a) gives a period of the 
order of 10° years, again within the range of interest. 


VII.3 Behaviour of Coupled Disk Dynamos 

An important generalization of Bullard’s model was made by RIKITAKE 
(1958). He considered the oscillations of a pair of coupled disk dynamos each 
of which is excited by the other (Fig. 7.2). The governing equations (7.1), (7.2) 
are now replaced (in the case of identical dynamos driven by identical torques) 


by 


VOL. 
4 
196] 
di, 
L = + RI, = 
L + Ri, = Masgl,, 
dw, 
(7.6) 
De 
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where /,, /, are the currents and @,, w, the angular velocities of the dynamos and 
M is the coupling constant between either coil and the disk of the other dynamo. 
Rikitake analysed small oscillations about the equilibrium state 


R R 
= A? (33): (7) = A (3) 5) Toe (3) .(7.7) 


(although as Miss Gjellestad (unpublished) has pointed out his work for a few 
lines after equation (25) is vitiated by an algebraic error). He also integrated 


Fig. 7.2. A schematic representation of two identical homopolar dynamos in parallel. 

D,, Dz are the disks of the two dynamos rotating with angular velocities @,, @, and 

generating currents /,, /, from the fields produced in coils C,, C,, respectively. C,, Cy 

are fixed coils generating fields from the currents /,, /, produced by the disks D,, D; 
respectively. S denotes sliding contacts. 


the equations directly for a particular set of initial conditions and showed that 
both the angular velocities and magnetic fields reversed in the general large 
amplitude case. 

Allan (1958) and Lowes (unpublished) independently studied Rikitake’s model 
and also followed the behaviour of the system by means of electronic computers 
for a wide range of initial conditions. We will describe the calculations of Lowes. 
According to (7.6), the difference between the angular velocities is always 
constant so that a choice of initial conditions determines a value of A and two 
steady states, namely (7.7) and 


R R G\3 


(7.8) 


Initially the system oscillates about one of these but the subsequent behaviour 
depends on the value of K, where 


Rc \3 
(ae) 


(Thus, K* is the ratio between the mechanical and electrical energies of the steady 
state systems (7.7), (7.8).) During the first phases of oscillation, the initial 
energies are redistributed by transients that decay in a characteristic time of 
T,/2K (= 3T x, where T, = L/R = electrical time constant of the system). The 
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system settles down to oscillations, with a characteristic period of the order of 
Ty, about one of the steady states (say (7.7)). The oscillations of w,, w, often 
involve temporary reversals of the direction of rotation, particularly that with 
the smaller w,, but the steady state about which the oscillations take place never 
changes sign. The oscillations of /,, /,, grow in amplitude (provided A + 1) 
at a more rapid than exponential rate. Let us suppose, for convenience, that 
A? > 1. The J, oscillations, as they grow, tend to the type of flat-bottomed 
curve with sharp peaks that Bullard found. The /, oscillations become com- 
pletely unsymmetrical and the larger inward excursions reverse its sign. Even- 
tually /, also changes sign. At this time /, also is negative and the system starts 
to oscillate about (7.8), i.e. a reversal has occurred. There seems to be no hard 
and fast rule which determines how long the system will oscillate about its new 
equilibrium state. It may revert to its original state almost immediately or it may 
oscillate about its new state for a longer time than it oscillated about its old one. 
The system continues to exhibit reversals of this kind and these reversals are gen- 
erally of differing form and occur at different intervals of time. Moreover, there 
is no reason to believe that a particular sequence should ever be repeated. 
Because of the computational difficulties arising in the case of small K, Lowes has 
not so far studied this case in detail (K ~ 4/VR, ~ 5-10-%, for the Earth’s core). 

Lebovitz (1960) has shown that the equilibrium of a chain of N disk dynamos 
(each of which is electromagnetically coupled to its neighbours) is unstable if 

APPENDIX A 


Electromagnetic Induction in a Plane Slab 
This appendix completes the mathematical part of Sec. IV.2, to which section 
the reader should refer for a definition of the problem and the terminology used. 
Since B has the form 
B = curl? S 1,, 


it follows that the electric field in the mantle is toroidal: 


1 
E=j/o = curl B = — curl (V2S 1,). 


ou 
Since o is a function of z alone (A.2) may be written 


1 
2 e 
1.) 


E =~ curl ( 


Now, by the equation of induction, 


. (A.4) 
it follows that 
| 
ot 
where the (physically unimportant) gradients of integration have been omitted. 


Employing Heaviside’s operational technique and denoting transformed 
symbols by a superimposed bar, we find that 


= 4roupS. 
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For a disturbance of horizontal wavelength / (= 27/k), we have 


and so (A.6) may be rewritten 


+ 4roup)S = (say). -(A.8) 


For sufficiently simple variations of conductivity with depth, this equation may 
be solved explicitly. In the case of constant conductivity, we have 


S = + ...(A.9) 


where A, B are functions of p related to the prescribed variation Sy imposed on 


z=0by 
So= A+B. ....(A.10) 
Since the region above z = / is an insulator, the function S there satisfies 
V2S = 0, (AI) 


which, using (A.7), implies that 


The appropriate solution to this equation is one which decays to zero for large 
positive z, i.e. 
S = Ce**, +. 


Across the interface z = f, there are six boundary conditions to be satisfied, 
namely, that B, 1, x E, should be continuous and 1, .7 is zero. These conditions 
are not independent and in the present case they imply two conditions upon S; 
namely, that S and ¢S/éz are continuous: 


Ce! 4 Be”, 
...(A.14) 
kCe!/q = Ae~¥ — Be”. 
It follows from (A.10) and (A.14) that 
Bd B (0 1 


If we discuss solutions periodic in time (frequency w), we replace p by iw, 
and the superimposed bar no longer appears. It is then readily shown that 
6 = |B,(d)/B,(0)| is given by 
—f) 

x (a? + | 
(K sinh + cosh + (KsinB + f cos + (f? sinh? « — sin? f) | 
...(A.16) 
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20? — K? = 26? + K? = K%1 + 


2\4 
It is from (A.16) that Tables 4.1 and 4.2 of Sec. IV.2 are constructed. It follows 
from (A.16) that 
(a) A<1,fi—~0, «= K, and hence 
6 exp [— k(d — f) — 2nf/I], 
(b) A> 1 a~p ~(AK2/2)'S 1, 
6 ~ 2 exp [— k(d — f) — 
(c) A> 1,428 ~(AK?/2)! <1, 
~ exp [— k(d —f) — 
For sufficiency large p (i.e. the high frequency periodic case, or the aperiodic 
case soon after “switching on’’), equation (A.8) can be solved by the W.K.B. 


method. This gives the asymptotic forms of the basic solutions which are valid 
provided the conductivity does not vanish: 


This establishes (4.3) as apt definitions of 7, ¢. If we revert to our constant 
conductivity model, we see that, for sufficiently large p (A.18) gives 

= BO) exp [— 2(pr)], 


and this implies that for small times, 6 is given by (4.4) (A.19 shows that, for 
small times, 6 is independent of k and f, to first order accuracy). 


APPENDIX B 
Hydromagnetic Shear Waves 


This appendix completes the mathematical part of Sec. V.1 to which the reader 
should refer for definitions of the problems considered. 
On making the substitution 


B=B, + 6, (By = constant), ....(B.1) 


and neglecting squares and products of b, u, equations (1.9) to (1.14) governing 
the hydromagnetics of the core assume the linearized forms, 
0b 


* = B,. grad u, -.+-(B.2) 


1 
+ 28 Ku = — grad P+ By. grad 


where P is the total pressure, i.e. sum of hydrodynamical and magnetic pressures. 
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We will neglect Coriolis forces and viscous effects. We may divide b and u 
into their toroidal and poloidal parts, thus: 
b = curl 1, + curl? 1,, 
. (B.4) 
u = curl u, 1, + curl? uv, 1,, 


where J, is a unit vector in the direction of By. By (B.2) and (B.3) we find, for 
the toroidal modes, 


B, ob, 


— AV? . .(B.5) 


and, for the poloidal modes, 
Ou Ou B, cb 


7) E By Cb, 
Ct Oz 


and 
P=P)- 
From (B.5), we find 


Py = constant. 


Ct | Ct 02 


and a similar equation for u,. From (B.6), we find 
ofa 
Vv? E by — V? == 0, ....(B.9) 


and a similar equation for u,. We will temporarily ignore poloidal fields and 
omit the suffix 1. 


2 


Attenuation of Waves 


First, let us suppose that the waves are excited by an oscillating electric or 
magnetic field on the plane z = 0. Let k(= 27/I/) be the wave-number in the 
xy-directions and w be the frequency of the wave. Then 

and (B.8) gives 


1 [1 — (i/sR 
s=/Vk, R= VIKA. _...(B.12) 


Thus, the skin depth D in which the amplitude of the perturbation is reduced by 
a factor of 1/e is given by 


where 


D* = Aq), 


i.e. ——- 
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This expression assumes the following asymptotic forms: 


1 
(a2) D— = dy = (270nw)-*; the frequency is so 
high that the attenuation is electromagnetic, cf. Sec. IV; 


1 


D>;; 


“‘geometrical’’, cf. Sec. IV; 


(c) I>R>s 


the frequency is so low that the attenuation is 


1 /2R 
(4) sOSRS1,D = 


v2 
(e) s>R>1,D>—— 


+ 


The last of these cases (dy) < 2n/k, dy K 27V/w) is the geophysically interesting 
one and is discussed in Sec. VI. 

Second, let us suppose that the waves are excited by a disturbance on the 
plane y = 0. Let k(= 2z//) be the wave-number in the z direction and w be the 
frequency of the wave. Then (B.8) gives 


(f) R>s>R", 


1 db 1 


Thus, the skin-depth D is given by 


This expression assumes the following asymptotic forms: 
1 
(a) Rs>1,D—> k / 5 = dy = (270um)-*; the frequency is so high that 
the attenuation is electromagnetic, cf. Sec. IV; 


1 
(b) R<s<R", D> Be the frequency is so low that the attenuation is 


“geometrical”, cf. Sec. IV; 


l 


The last of these cases (dy) < 27V/w) is the geophysically interesting one and is 
discussed briefly in Sec. VI. 
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Reflection of Waves 

Let us consider the reflection and transmission of field when a wave travelling 
along the lines of By encounters the (plane) face S of a semi-infinite solid 
insulator. We suppose that B, is perpendicular to S, so that S can be represented 
by z = 0 (the direction of z increasing being from fluid to solid). As in the 
problem of Appendix A, we will consider poloidal fields only, since these are 
the only ones that can be observed by magnetic measurements. We will therefore 
place b, = u, = 0 in (B.4) and omit the suffix 2. By equation (B.9) and with g? 
defined as in equation (B.11), we have 


b = Ae~* + Be® + Ce®*, (z <0), 


where the first term on the right-hand side represents the incoming wave, the 
second term the reflected wave and the third term a pressure disturbance. In 
the solid we have 

b= De-™, (z>0), 
where 

2=k*?+ 4ro'niw, Z(Q)> 0, 


and o’ is the conductivity of the solid. 

The three unknown ratios B/A, C/A, D/A may be determined by the three 
independent conditions that 6 and ¢b/éz must be continuous at z = 0, and u 
must be zero there. We are interested in the reflection coefficient, R’, and the 


transmission coefficient, 7’, 


+ RV? + kQV*) — Qa? (B.16) 

g(w® + + kQV?) + Ow 

2q(w? + KV?) 
A + + kOV?) + 


In the present geophysical context, it is sufficiently accurate to neglect the 
conductivity of the mantle and let the conductivity of the core be infinite: 


qg=iks, Q=k. 


....(B.17) 


T= 


Then, 


(2—is(1+is) _, (1 + is) 


R’ 


Note that, |R’| = 1 and 
1<|T'| <2, 


the two extreme cases being s > 0 (when there is only geometrical attention 
and the boundary has no effect, i.e. T’ = 1), and s—> oo (when the factor 2 
arises from image effects). 


Advection of Field 

In Sec. VI.2, we refer to a simple hydromagnetic model containing some of the 
features of Allan and Bullard’s representation of toroidal field being advected 
from core to mantle. Consider the hydromagnetic perturbation, propagated in 
a system in which the mantle and core are represented by semi-infinite regions 
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as above, but the field By lies in the x-direction; that is, tangentially to the core 
boundary (z = 0). There, in the core, we have (cf. B.2, B.3) 

oo 


PR ab 


Consider disturbances of the type 
= curl 1,[¢4(z, t) cos /x], 
u = curl 1,[y(z, 4) sin /x], 
F = curl 1,[z(z, 2) sin /x], 
P = t) sin 
Then, by (B.19) and (B.20), 


In the (insulating) mantle, the field satisfies Laplace’s equation, so that 


oz? 


It follows that 
t) = fine”, ....(B.24) 
which implies that 


_ _ 400, ....(B.25) 


This condition, together with the condition 
y(0, t) = 0, ....(B.26) 


and the demands that ¢, y, P vanishes at z = — oo (if y does), is sufficient to 
determine the solution uniquely from x. 
Following the example of Allan and Bullard, we take x to be of the form 


Z,0= 
where F is a constant. 
Use Heaviside’s operational method in which ¢/ét is replaced by the algebraic 
operator p and the transformed symbol is denoted by a superimposed bar. 


Define k? by 
2/2 


...-(B.28) 


....(B.21) 
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Then, after some algebraic reductions, using equations (B.22) and conditions 
(B.25), (B.26), we find that the operational form b, at the core boundary is 


2 
....(B.29) 


6,(0, p) = 
ip EG +1) + 


This leads immediately to the two asymptotic forms (cf. eq. 6.4) 


BoF 
b,(0, > t+ ©, ... .(B.30) 


b,(0, t) > _...(B.31) 


In contrast, if we consider the anita induction problem (V — 0) in 
which the fluid is impulsively moved at t= 0 (F = Up). It is then found 
(cf. (B.29)) 
1 
(k* +a (k* + 1)’ ....(B.32) 


where 
....(B.33) 
This leads to the two asymptotic forms (cf. eq. 6.3) 


6.0, 1) > Ma ....(B.34) 


b,(0, i) > BU 12,10. ... .(B.35) 


Another way of comparing the two types of model is to assume that in both 
cases the disturbance is set up impulsively (i.e. that in both cases F = Up where 
U is the initially applied impulsive velocity field). Then the initial behaviour of 
the systems is given by (B.35) for each model, but, for large times, b, approaches 


zero in the hydromagnetic model. 
The solutions we have just given may be combined to give other solutions. 


For example, Allan and Bullard have taken an integral of (B.21) over /; thus 
6 = curl 1,| t)e~* cos Ix dl, 
0 


etc. In like manner, we can deduce that the response of the system to the corres- 


ponding body force 
F = curl 1, | 
is (cf. B.30, B.31) 
b(0, t) + tant =, t—> 
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and, to an impulsive velocity in the case V — 0, it is (cf. B.34, B.35) 


5,0, — eifa(é — ix)] 


+ ae™+” eifa(é + t— 0, 


b,(0, t) > BoU @+ t—0, 


16 (=) x 


where ei(z) is the exponential integral 


exp ia e-? dt 
ei(z) =| (— 4a <a < dn). 
z 


ACKNOWLEDGEMENTS 


In addition to sources of information already acknowledged in the appropriate 
places in the text, we have benefited from discussions with many of our col- 
leagues. We are particularly indebted to Dr. F. J. Lowes for making available 
some of his results prior to publication (Secs. 1.3, VID, and to Dr. A. 
Herzenberg for reading some of the draft and for several helpful suggestions. 


REFERENCES 


AHRENS L. H. (1956) Radioactive methods for determining geological age, Chapt. 3, Physics 
and Chemistry of the Earth, Vol. 1. (Eds. Ahrens, Rankama and Runcorn) Pergamon Press, 
London. 

ALFVEN H. (1950) Cosmical electrodynamics. Oxford University Press. 

ALLAN, D. W. (1958) Reversals of the Earth’s magnetic field. Nature, Lond, 181, 469. 

ALLAN D. W. and BULLARD E. C. (1958) Distortion of a toroidal field by convection. Rev. 
Mod. Phys. 30, 1087-1088. 

Backus G. E. (1957) The axisymmetric self-excited fluid dynamo. Astrophys. J. 125, 500-524. 

Backus G. (1958) A class of self-sustaining dissipative spherical dynamos. Ann. Phys. 4, 
372-447. 

Backus G. E. and CHANDRASEKHAR S. (1956) On Cowling’s theorem on the impossibility of 
self-maintained axisymmetric homogeneous dynamos. Proc. Nat. Acad. Sci. 42, 105-109. 

BLackETT P. M. S. (1956) Rock magnetism, Jerusalem. Weizmann Science Press of Israel. 

Bono! H. and Go_p T. (1950) On the generation of magnetism by fluid motion. Mon. Not. R. 
Astron. Soc. 110, 607-611. 

Bonp1 H. and LytTT.eton R. A. (1953) On the dynamical theory of the rotation of the Earth II. 
The effect of precession on the motion of the liquid core. Proc. Camb. Phil. Soc. 49, 498-515. 

BRYNJOLFSSON A. (1957) Studies of remanent magnetism and viscous magnetism in the basalts 
of Iceland. Adv. Phys. 6, 247-254. 

BULLARD E. C. (1948) The secular change in the Earth’s magnetic field. Mon. Not. R. Astron. 


Soc., Geophys. Supp. 5, 248-257. 

BULLARD E. C. (1949a) The magnetic field within the Earth. Proc. R. Soc. Lond. A. 197, 433- 
453. 

BULLARD E. C. (1949b) Electromagnetic induction in a rotating sphere. Proc. R. Soc. Lond. 
A. 199, 413-443. 

BULLARD E. C, (1953) Is the Earth’s dipole moment increasing? J. Geophys. Res. 58, 277-278. 

BULLARD E. C. (1955a) Introduction to a discussion on ‘“‘Movements in the Earth’s core and 
electrical conductivity.” Ann. Geophys. 11, 49-52. 

BULLARD E. C. (1955b) The stability of a homopolar dynamo. Proc. Camb. Phil. Soc. 51, 
744-760. 

BULLARD E. C. (1958) The secular variation of the Earth’s magnetic field. 9th Charles Chree 


lecture. Year Book Phys. Soc. 47-60. 


95 
VOLe 
A 
1961 


96 R. Hive and P. H. ROBERTS 


BULLARD E. C., FREEDMAN C., GELLMAN H. and Nixon J. (1950) The westward drift of the 
Earth’s magnetic field. Phil. Trans. R. Soc. Lond. A. 243, 67-92. 

BULLARD E. C. and GELLMAN H. (1954) Homogeneous dynamos and terrestrial magnetism. 
Phil. Trans. R. Soc. Lond., A. 247, 213-278. 

CHANDRASEKHAR §. (1952) On the inhibition of convection by a magnetic field I. Phil. Mag. 
(7) 43, 501-532. 

CHANDRASEKHAR S. (1953) The instability of a layer of fluid heated below and subject to 
Coriolis forces I. Proc. R. Soc. Lond., A. 217, 306-327. 

CHANDRASEKHAR S. (1954a) The instability of a layer of fluid heated below and subject 
to the simultaneous action of a magnetic field and rotation I. Proc. R. Soc. Lond., A. 225, 
173-184. 

CHANDRASEKHAR S. (1954b) On the inhibition of convection by a magnetic field Il. Phil. Mag. 
(7) 45, 1177-1191. 

CHANDRASEKHAR S. (1956) The instability of a layer of fluid heated below and subject to 
simultaneous action of a magnetic field and rotation II. Proc. R. Soc. Lond., A. 237, 476-484. 

CHANDRASEKHAR S, and Expert D. C. (1955) The instability of a layer of fluid heated below 
and subject to Coriolis forces Il. Proc. R. Soc. Lond., A. 231, 198-210. 

CHAPMAN S. and BarrteLs J. (1940) Geomagnetism, Oxford University Press. 

Cook R. M. and BELsHE J. C. (1958) Archaeomagnetism: A preliminary report on Britain. 
Antiquity 32, 167-178. 

Coutoms J. (1954) Contribution a la théorie de la variation séculaire du magnétisme terrestre. 
Rev. Fac. Sci. Univ. Istanbul., C. 19, 200-213. 

Coutoms J. (1955) Variation seculaire par convergence ou divergence a la surface du noyau. 
Ann. Geophys. 11, 80-82. 

Cow inc T. G. (1934) The magnetic field of sunspots. Mon. Not. R. Astron. Soc. 94, 39-48. 

CowLING T. G. (1957) Magnetohydrodynamics. Interscience Publishers, Inc. New York and 
London. 

Creer K. M., IRviNG E. and RuNcorn S. K. (1957) Palaeomagnetic investigations in Great 
Britain VI. Geophysical interpretation of palaeomagnetic directions from Great Britain. 
Phil. Trans. R. Soc. Lond. A. 250, 144-156. 

Duncey J. W. (1958) Cosmic electrodynamics. Cambridge University Press. 

Exsasser W. M. (1939) On the origin of the Earth’s magnetic field. Phys. Rev. 55, 489-498. 

ELSASSER W. M. (1941) A statistical analysis of the Earth’s internal magnetic field. Phys. Rev. 
60, 876-883. 

Etsasser W. M. (1946a) Induction effects in terrestrial magnetism—Part I. Theory. Phys. 
Rev. 69, 106-116. 

ELsaAsseR W. M. (1946b) Induction effects in terrestrial magnetism—Part II. The secular 
variation. Phys. Rev. 70, 202-212. 

ELSASSER W. M. (1947) Induction effects in terrestrial magnetism—Part III. Electric modes, 
Phys. Rev. 72, 821-833. 

ELsasser W. M. (1950a) The hydromagnetic equations. Phys. Rev. 79, 183. 

ELSASsER W. M. (1950b) Causes of motions in the Earth’s core. Trans. Am. Geophys. Un. 31, 
434, 

ELsasser W. M. (1950c) The Earth’s interior and geomagnetism. Rev. Mod. Phys. 22, 1-35. 

ELSASSER W. M. (1955) Hydromagnetism 1: A review. Am. J. Phys. 23, 590-609. 

ELsAsserR W. M. (1956a) Hydromagnetism II: A review. Am. J. Phys. 24, 85-110. 

ELSASSER W. M. (1956b) Background of the geomagnetic dynamo theory. J. Geophys. Res. 61, 
340-347. 

FLEMING J. A. (1939) Physics of the Earth—Vol. VIII. Terrestrial Magnetism and Electricity. 
McGraw-Hill Book Co New York. 

FRENKEL J. (1945) On the origin of terrestrial magnetism. C.R. Acad. Sci. U.R.S.S. 49, 98-101. 

Futtz D. (1951) Experimental analogies to atmospheric motions. Compendium of 
Meteorology, ed. T. Malone. Amer. Meteor. Soc., 1235-1248. 

FuLtTz D. (1956) A fluid convection experiment of special theoretical interest. J. Geophys. Res. 
61, 328-334. 

GalBAR-PuerTAS C. (1953) Varacion secular del campo geomagnetico. Observ. del. Ebro, 
Memo. No. 11. 

HERZENBERG A. (1958) Geomagnetic dynamos. Phil. Trans. R. Soc. Lond., A. 250, 543-585. 

HERZENBERG A. and Lowes F. J. (1957) Electromagnetic induction in rotating conductors 

Phil. Trans. R. Soc. Lond., A. 249, 507-584. 


UO 
4 
190 


The Origin of the Main Geomagnetic Field 97 


HERZENBERG A. and Lowes F. J. (1958) The “eddy model” of the non-dipole field and the 
secular variation. Ann. Géophys. 14, 526-529. 

Hive R. (1952) A model experiment on thermal convection in the Earth’s core. Ann. Geophys. 
8, 17-18. 

Hive R. (1953a) Some experiments on thermal convection in a rotating liquid. Quart. J. R. 
Met. Soc. 79, 161. 

Hibe R. (1953b) Some experiments on thermal convection in a rotating liquid. Dissertation, 
Cambridge. 

Hie R. (1956a) Hydrodynamics of the Earth’s core, Chapt. 5. Physics and Chemistry of the 
Earth. Vol. 1 (Eds. Ahrens, Rankama and Runcorn). Pergamon Press, London. 

Hipe R. (1956b) Geomagnetism: Fluid motion in the Earth’s core and some experiments of 
thermal convection in a rotating liquid. Proc. /st Symp. on Use of Models in Geophys. Fluid 
Dynam. Sept. 1953, 101-117. 

Hipe R. (1958) An experimental study of thermal convection in a rotating liquid. Phil. Trans. 
R. Soc. Lond., A. 250, 441-478. 

Hospers J. (1951) Remanent magnetism of rocks and the history of the geomagnetic field. 
Nature 168, 1111. 

INGLIS D. R. (1955) Theories of the Earth’s magnetism. Rev. Mod. Phys. 27, 212-248. 

IRVING E. (1959) Palaeomagnetic pole positions: a survey and analysis. Geophys. J. 2, 51-79. 

Laniri B. N. and Price A. T. (1939) Electromagnetic induction in non-uniform conductors, 
and the determination of the conductivity of the Earth from terrestrial magnetic variations. 
Phil. Trans. R. Soc. Lond., A. 237, 509-540. 

Larmor J. (1919) How could a rotating body such as the Sun become a magnet? Rep. Brit. 
Ass. 159-160. 

Lesovitz N. R. (1960) The equilibrium of a system of disk dynamos. Proc. Camb. Phil. Soc. 
56, 154-173. 

LEHNERT B. (1954) Magnetohydrodynamic waves under the action of the Coriolis Force. 
Astrophys. J. 119, 647-654. 

LEHNERT B. (1955) Magnetohydrodynamic waves under the action of the Coriolis Force Il. 
Astrophys. J. 121, 481-490. 

Lowes F. J. (1955) Secular variation and the non-dipole field. Ann. Geophys. 11, 91-94. 

Lowes F. J. and Runcorn S. K. (1951) The analysis of the geomagnetic secular variation. 
Phil. Trans. R. Soc. Lond., A. 243, 525-546. 

LunpbaQuist S. (1952) Studies in magnetohydrodynamics. Ark. Fys. 5, 297-347. 

McDonaLp K. L. (1955) Geomagnetic secular variation at the core-mantle boundary. J. 
Geophys. Res. 60, 377-388. 

McDona_p K. L. (1957) Penetration of the geomagnetic secular field through a mantle with 
variable conductivity. J. Geophys. Res. 62, 117-141. 

MCNisuH A. G. (1940) Physical representation of the geomagnetic field. Trans. Am. Geophys. 
Un, 21, 287-291. 

Macut H. G. (1954) On the increase of the Earth’s dipole moment. J. Geophys. Res. 59, 
369-376. 

MonaAnnIs M. G. S. el (1959) Magnetohydrodynamic disturbances due to the sudden introduc- 
tion of a magnetic dipole in a fluid of finite conductivity. Astrophys. J. 129, 172-193. 

Moors A. F. (1955) Unpublished Dissertation, Cambridge. 

NaaaTA T. (1953) Rock magnetism. Maruzen Co. Ltd., Tokyo. 

NAGATA T., AKIMOTO S., UEDA S., SHimizu Y., OzIMA M., KosBayAsHi K. and Kuno H. 
(1957) Palaeomagnetic studies on a quaternary volcanic region in Japan. J. Geomag. 
Geoelec. 9, 23-41. 

Nacata T. and RIKITAKE T. (1957) Geomagnetic secular variation during the period from 
1950-1955. J. Geomag. Geoelec. 9, 42-50. 

Oppyke N. D. and Runcorn S. K. (1956) New evidence for reversal of the geomagnetic field 
near the Pliocene-Pleistocene boundary. Science 123, June 22. 

PaRKER E. N. (1955) Hydromagnetic dynamo models. Astrophys. J. 122, 293-314. 

PaRKER E. N. and Krook M. (1956) Diffusion and severing of magnetic lines of force. Astro- 
phys. J. 124, 214-229. 

PROUDMAN I. (1956) The almost-rigid rotation of viscous fluid between concentric spheres. 
J. Fluid Mech. 1, 505-516. 

RuieHL H. and Futtz D. (1957) Jet stream and long waves in a steady rotating dishpan experi- 
ment: structure of the circulation. Quart. J.R. Met. Soc. 83, 215-231. 


VOL. 
4 

1961 

1961 


98 R. Hipe and P. H. Roserts 


RikiTAKE T. (1958) Oscillations of a system of disk dynamos. Proc. Camb. Phil. Soc. 54, 89-106. 

Roserts P. H. (1954) Some applications of electromagnetic theory to the problem of the main 
geomagnetic field. Dissertation, Cambridge. 

RopserTs P. H. (1955) Hydromagnetic disturbances in a fluid of finite conductivity. Astrophys. 
J. 122, 315-326. 

RoserTs P. H. (1957) Hydromagnetic disturbances in a fluid of finite conductivity Il. Astro- 
phys. J. 126, 418-428. 

Roberts P. H. (1959) Propagation of induced fields through the core. Ann. Geophys. 15, 75-86. 

Rocue A. (1958) Sur les variations de direction du champ magnétique terrestre au cours du 
Quaternaire. C. R. Acad. Sci., Paris 246, 3364-3366. 

Runcorn S. K. (1954) The Earth’s core. Trans. Am. Geophys. Un. 35, 49-63. 

Runcorn S. K. (1955a) Rock magnetism—Geophysical aspects. Advanc. Physics 4, 244-290. 

Runcorn S. K. (1955b) Core motions and reversals of the geomagnetic field. Ann. Geophys. 
11, 73-79. 

Runcorn S. K. (1955c) A relationship between the geomagnetic secular variation rates. J. 
Geophys. Res. 60, 231. 

Runcorn S. K. (1955d) The electrical conductivity of the Earth’s mantle. Trans. Am. Geophys. 
Un. 36, 191-198. 

Runcorn S. K. (1956a) The magnetism of the Earth’s body. Handbuch der Physik, XLVUI, 
(Ed. J. Bartels) 498-533. 

Runcorn S. K. (1956b) Magnetization of rocks. Handbuch der Physik, XLVI (Ed. J. Bartels) 
469-497. 

Runcorn S. K. (1959) On the theory of the geomagnetic secular variation. Ann. Geophys. 15, 
87-92. 

TAKEUCHI H. and Suimazu Y. (1952a) On a self exciting process in magnetohydrodynamics. 
J. Phys. Earth 1, 1-9. 

TAKEUCHI H. and SHIMAzU Y. (1952b) On a self-exciting process in magnetohydrodynamics. 
J. Phys. Earth 1, 57-64. 

TAKEUCHI H. and SHimazu Y. (1953) On a self-exciting process in magnetohydrodynamics. 
J. Geophys. Res. 58, 497-518. 

TORRESON O. W., MurpHy T. and GRAHAM J. W. (1949) Magnetic polarization of sedimentary 
rocks and the Earth’s magnetic history. J. Geophys. Res. 54, 111-129. 

Tozer D. C. (1959) The electrical properties of the Earth’s interior, Chapt. 8. Physics and 
Chemistry of the Earth, Vol. 3 (Eds. Ahrens, Press, Rankama, Runcorn), Pergamon Press, 
London. 

Urey H. C. (1952) The Planets. Yale Univ. Press. 

VESTINE E. H. (1952) On the variations of the geomagnetic field, fluid motions, and the Earth’s 
rotation. Proc. Nat. Acad. Sci., U.S.A. 38, 1030-1038. 

VesTINE E. H., LAPorTE L., Cooper C., LANGE I. and HENDRIX W. C. (1947a) Description of 
the Earth’s magnetic field and its secular change. Carnegie Institution Publications (Washing- 
ton), No. 578. 

VesTINE E. H., LAporte L., LANGE I. and Scott W. E. (1947b) The geomagnetic field: Its 
description and analysis. Carnegie Institution Publications (Washington), No. 580. 

WALKER G. B. and O'Dea P. L. (1952) Geomagnetic secular change impulses. Trans. Am. 
Geophys. Un. 33, 797-800. 

WuiTHaM K. (1958) The relationships between the secular change and the non-dipole fields. 
Can. J. Phys. 36, 1372-1396. 

YUKUTAKE T. (1959) Attenuation of geomagnetic secular variation through the conducting 
mantle of the Earth. Bull. Earthquake Res. Inst. 37, 13-32. 


VC 


3 
EUSTATIC CHANGES IN SEA LEVEL 


By RHODES W. FAIRBRIDGE 
Department of Geology, Columbia University, New York 


INTRODUCTION 


““WHAT is so sacrosanct about sea level?”’ asks WHEELER (1954) recently in a 
protest against slavish adherence to the contemporary mean sea level as a 
permanent datum. On the contrary, through geological eyes we might regard 
the present M.S.L. as ephemeral as a fleeting ray of sunshine on a wintery 
afternoon. 

Such a view, however, is still not accepted into the standard dogma of ele- 
mentary teaching in geology and physical geography. This is far more 
influenced by the belief of W. M. DAvis (1896) in an “average sea level,” which 
suffered only minor oscillations, or, worse still, the fundamental premise of the 
DouGLas JOHNSON (1919) school of geomorphology, that sea level remains 
essentially constant for millions of years. On this basis continents become 
peneplaned, i.e. reduced to the ultimate base level of marine erosion: that no 
such phenomenon has ever been demonstrated in geological history has worried 
more than a number of observers. Even this assumed base level is demonstrably 
false (FAIRBRIDGE, 1952). On this basis, Johnson classified coasts as ones of 
emergence and submergence, unconcerned by the inevitable analogy to a tectonic 
jack-in-the-box. In spite of protests by SHEPARD (1948) and others, the dogma 
lives on (see, for example, CoTToN, 1955). 

Changes in the relative levels of land and sea have been observed by man 
since earliest antiquity and the literature is full of uncorrelated data. The time 
is ripe for some classical scholars to sift through the material and work out 
something of a definitive history of sea-level changes in the classical regions of the 
Mediterranean and western Europe. Some indications have been given by 
PEARSON (1901), by HAFEMANN (1955) and others; but much remains to be 
done. 


Historical Observations 


Already in the middle of the eighteenth century, Celsius and Linné noticed 
the gradual drying up of harbour works in Sweden and the steady emergence of 
the coast. This they ascribed to a lowering of sea level. Trautschold called this 
the “‘Desiccation Theory” (SAARMAN, 1948). 

Hutton (PLAYFAIR, 1802) in considering the elevated coastal terraces of the 
British Isles, felt, like Celsius and Linné, that a general lowering of sea level was 
far easier to explain than a block elevation of the whole country. In considering 
the uniformly emerged platforms of dead coral reefs that line the Red Sea, 
C. G. EHRENBERG (1834) became convinced that such regularity required a 
lowering of sea level, and not local uplifts, as had been postulated earlier by 
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Forster, Vancouver, Peron and others, working on the reefs of the South 
Pacific. 

With the nineteenth century, Leopold von Buch developed the plutonic 
school, which envisaged deep-seated vertical mass transfer within the crust. 
This would mean local effects, rather than universal changes as envisaged by 
Celsius. Such non-universal displacements are undoubtedly in progress in 
Scandinavian and other regions affected by the glacial loading of the Pleistocene 
ice age. 

Precise measurements are not always possible, but at least the cataloging of 
relative tendencies would be of great value. In some cases a nice degree of 
precision is obtainable through some established work of man. The classical 
example of the “Temple” (actually the Market) of Serapis at Pozzuoli in Italy 
was graphically described by Lett (1832); marble columns of the market place 
were bored into by rock-burrowing bivalves up to a specific level, sixteen feet 
above the floor. These organisms are intertidal in their ecologic habit, and such 
an observation clearly proves submergence to this level and subsequent re- 
emergence. Except for similar volcanic areas, violent oscillations of this sort 
were not observed in other littoral establishments of classical antiquity, and the 
logical conclusion is that this was a local, tectonic sequence of events, quite 
likely associated with the active volcanicity of the adjacent Phlegrian Fields and 
Vesuvius. 

In Scandinavia careful recordings of the mean sea level over three centuries 
has enabled detailed maps to be drawn indicating the mean rates of relative 
land uplift. Similar figures, though less detailed, are available for northern 
Canada and Great Lakes region (GUTENBERG, 1954). Rates for the relative 
subsidence of the Netherlands are nicely preserved by detailed tide measurements 
for over two centuries (VAN VEEN, 1954, 1957). 

If von Buch was right, and vertical movements of the Earth’s crust could 
produce changes in the land, then they could also affect the level of the oceans. 
CHARLES DARWIN (1842) suggested that the floor of the Pacific Ocean was sub- 
siding, thus causing coral atolls to grow upward. The effect of such water 
lowering would be world wide. One of the earliest students of the geo- 
morphologic effects of sea-ievel changes was Robert Chambers, a Fellow of the 
Royal Society of Edinburgh, who wrote a pioneering book on the coastal 
features of the British Isles. He protested against the idea of an anarchy of 
vertical movements pushing the coast up and down in catastrophic disorder. 


Perhaps we should be in a more hopeful course, if we were to turn our eyes to Mr. Darwin’s 
views regarding the subsidences of great oceanic basins, as implied by the phenomena of 
coral islands. The undoubted effect of such extensive subsidences must be the lowering of 
the sea round all the shores of the world. The sinking of an area measuring the twentieth 
of the aqueous surface of the globe, to the extent of half a mile, would cause a sinking of the 
entire sea to a depth embracing several of the intervals of our British terraces—about 130 
feet. Such may have been the history of the changes of relative level in our region, while, 
in other districts, both risings and fallings of the land may have taken place, and may be 
taking place at this day. There are, it will be remembered, clear proofs that the sea, after 
falling, had risen again in our island. 

The recession, accession, and second recession of waters indicated here, do not necessarily 
imply risings and fallings of our island, but may be accounted for if we suppose some distant 
ocean bed sinking, then rising, then sinking again. Perhaps it may be some such latent 
change which has produced those immersions of forests, and those wearings of coasts, with 
which English geologists are familiar. I feel at least a peculiar difficulty in admitting partial 
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subsidences of land in the British islands, when I see such uniform terraces around their 
coasts, as, in that case, deflections from the true lines ought to have been conspicuous, 
which I am sure they are not.—ROBERT CHAMBERS, 1848. 


The first authority to take up the idea of world-wide sea-level changes as a 
general working theory was EDUARD Suess (German ed. 1885/1909 vol. 2, 
p- 680; see Engl. ed. 1904/1924). He pointed out that anomalous relations of 
marine formations above sea level to-day called for an EITHER/OR philosophy. 
Either the sea level must have dropped or the land must have risen. Sea-level 
changes could be caused by addition of juvenile water by way of volcanoes, by 
climatic change varying the quantity of water, by tectonic disturbances, but 
in the opinion of Suess the addition of sediment would be most important in 
raising the level. 

While studying the history of the Tertiary in Europe he was struck by the way 
the successive transgressions all seemed to come in at specific times, in the 
Paris Basin, in the Rhone Valley, in Italy, in the Hungarian Plain, in the Vienna 
Basin, in the Black Sea area, in Galicia. Local tectonic movements sometimes 
upset the uniformity of the picture, but by and large it was true: he spoke of 
the “First” and “Second Mediterranean Invasions” and so on. He believed 
that sedimentary infilling caused the ocean basins to spill over periodically. 
Then orogeny would make new ocean troughs and the water would recede. He 
devised the expression “‘eustatic” for these movements of the water body. But 
they were not all the same; to quote his words in the English translation 
(Suess, 1906, p. 544): “We are acquainted with two kinds of eustatic movement; 
one, produced by subsidence of the earth’s crust, is spasmodic and negative; 
the other, caused by the growth of massive deposits, is continuous and positive.” 

Not many geologists possessed the breadth of vision of Suess, and much 
confusion resulted from the multiple components involved. MACHATSCHEK 
(1918) proposed that whole continents could move up and down independently as 
units, just as Wegener imagined them moving laterally. Du Torr (1939) 
suggested even that density changes resulting from lateral (continental) migration 
would also cause eustatic oscillations. Such vertical movements of continents 
have been considered in preference to eustatic movements by many authorities: 
KAYSER (1921), WRIGHT (1928), DE MARTONNE (1929), and others. Integration 
of the complex data has, until recently, only been advocated by a few pioneers, 
such as PENCK (1933, 1934). 

The particular localization of the tectonic movements associated with eustasy 
was studied by Emit Hauc (1900). He felt that subsidence occurred essentially 
in the great geosynclinal belts (the “orthogeosynclines” of STILLE, 1924); this 
resulted in eustatic regressions from all the continents, but in addition there was 
simultaneous unwarping (epeirogenic movement) in the continents, thus 
amplifying the eustatic effect. In developing his ““Pulsation Theory” of world- 
wide eustatic changes based on such geotectonic controls, GRABAU (1936, 1940), 
was hesitant about placing the site of such subcrustal mechanism, but he was 
convinced about the rhythmic alternations of transgressions and regressions. 
The same was true for UMBGROVE (1947) who refrained from over-stating the 
precise periodicity maintained by Grabau, but nevertheless supported an 
essentially cyclic interpretation. 

STILLE (1924) claimed a fundamental synchroneity about such orogenic 
episodes, and although the belts of tectonism were not necessarily continuous 
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around the world, the major tectonic phases were, by and large, close to being 
simultaneous in their occurrence. Such a theory is denied by many geologists 
(GILLULY, 1949; RUTTEN, 1949); it is warmly supported by others. In the 
writer’s opinion, the extreme localization of Stille’s raw material (central 
Europe) precluded an accurate world picture in 1924. However, a series of 
later papers expanded the picture, but were quite ignored by his critics. Thus 
it seems likely that the principle was right; only the evidence was weak. It must 
be admitted, however, that it is not at all easy to identify a precise orogeny as 
the cause of a certain eustatic transgression; orogenies are still not simple things 
to date, and the transgressions are by their nature gradational and diachronous. 

This is not the place to discuss all possible causes of oscillation in tectonic 
belts, but at least mention may be made of the various theories involving 
rhythmic convection currents in (or below) the mantle; further there are theories 
involving periodic volume changes within the mantle and even in the crust 
(HoLMEs, 1926). RITTMANN’s “Entgasungsprozess” (1939), involving loss of 
gas from a primary basaltic crust, results eventually in production of granites 
(of lower density and greater volume). The Hess (1955) theory of serpentiniza- 
tion and the reverse would also result in great volume changes in deep-sea 
areas that would have world-wide eustatic effects. 

The only really safe conclusions at the present moment are expressed by 
WALTER BUCHER (1933), in his Law No. 44: “In a large way, the major move- 
ments of strand line, positive and negative, have affected all continents in the 
same order at the same time.” And his Opinion No. 36: ‘‘The major eustatic 
movements of the sea are thus the result of changes in the vertical distance 
between mean levels of ocean floors and continental surfaces.”’ In short, there 
is no dearth of theoretical material for explaining the cause of eustatic move- 


ments. In contrast there is extremely little in the way of precise data to designate 
which, and how much. This paper will attempt to demonstrate certain periodi- 
cities and certain coincidences, which may represent a small contribution to the 


problem. 


Contemporary Observations 

Regional revisions of geodetic networks afford evidence of local pulsatory or 
secular movements of the crust (e.g. see KOZHEVNIKOV and MESCHERIAKOV, 
1956), but the long-term eustatic changes can only be determined by world-wide 
observations. These data can then be coordinated to supply a basis for dissecting 
the local, regional and world tendencies. The first extensive analysis of world 
tide gauge figures was by GUTENBERG (1941), using only the more reliable 
records going back half a century or so. He eliminated obviously local discre- 
pancies which could be checked by geodetic surveys. These included places like 
the tectonically-affected Bay of Naples, or others from parts of Japan and Cali- 
fornia, and the “glacial rebound” regions of Canada and Scandinavia. The 
residue of data refer to regions corresponding to the more stable parts of the 
Earth. The tide gauge graphs show, of course, daily and fortnightly curves, but 
summaries show also annual and eleven-year sunspot curves. Superimposed on 
all is a long-term, secular rise. The average figure was close to 10 cm per century, 
thus 1 mm per year. Such a rise is confirmed by geomorphologic data (FAIR- 
BRIDGE, 1947) and is correlated with a world-wide climatic warming and glacier 
retreat (THORARINSSON, 1940, AHLMANN, 1953). 
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This survey by Gutenberg stimulated a series of further studies. A more 
comprehensive set of figures was extracted by VALENTIN (1952), who confirmed 
the secular rise, but, by plotting on a world map notable divergences from the 
mean, identified regions of general tectonic uplift or depression. CAILLEUX 
(1952) did the same in detail, for France. Studies by MARMER (1948) along the 
east coast of North America demonstrated a progressive increase in the 
anomalies, i.e. the “‘apparent’’ rise of sea level towards the central parts of the 
Atlantic Coastal Plain Geosyncline. Obviously, the geosyncline is slowly 
subsiding. Geologists know about this from field data, but for the first time, 
a rate of subsidence for a major basin could be extracted from the tidal data. 

The International Association of Physical Oceanography in conjunction with 
the I.G.Y. has been currently pursuing this study. At the I.U.G.G. meeting in 
Toronto (1957), HAKON Mossy announced that a revision of the mean world 
rate of rise is now available, rising to 2-25 cm for the last 20 years, that is an 
average of 1-12mm per year. A direct correlation with climatic change 
(melting of glaciers) is now well established. 

On the Pacific coast of North America, a recent analysis (DISNEY, 1955) 
shows the mean rise to be 1-5 mm per year. From this one might conclude that, 
if we deduct the mean world rise of 1-1 mm, there may be a secular tectonic 
subsidence of the west coast by 0-4 mm annually. Since there is some variation 
between individual tide gauge stations, it might be that the sedimentary basin 
locations are subsiding more rapidly than the geanticlinal stations. There are 
complicating factors, however, with this sort of deduction. The location of the 
tide gauge in a heavily burdened harbour area may actually be subsiding due to 
the local structural loads. Artesian water or oil pumping (as at Long Beach or 
at Galveston) may weaken the underlying sediments. On the Pacific coast 
specifically a secular warming of the water is associated in the second half 
of each year, reduced to a monthly basis, with a striking rise in sea level means 
(up to 17 cm above normal); there are corresponding negative anomalies in the 
first half of every year. This phenomenon is directly correlated with a recent 
change in wind and upwelling characteristics (STEWART, ZETLER and TAYLOR, 
1958), though these in turn must have a climatic control that is either cyclic or 
related to the worldwide warm up. 

The need for the widespread establishment of subsidence gauges had been 
urged by the Dutch geodesist VAN VEEN (1954, 1957) pointing out that many 
of the tide gauges of Holland are situated on sites of /ocal subsidence. Neverthe- 
less, the famous Ordnance Datum of Amsterdam (“‘N.A.P.’’), in operation since 
1682, shows an apparent sea level rise of approximately 6cm from 1900 to 
1930, which is exactly twice what we would expect from the Gutenberg world 
figures. A flattened curve is shown between 1750 and 1850, which may well be 
due to a climatic control, as shown (Fig. 1A) by adjusting the eustatic curve to 
known climatic changes (BROOKS, 1949, p. 311). and assuming a mean subsidence 
rate of 0-7 mm per year. A significant feature is that Amsterdam is a long- 
established city and is somewhat removed from the region of most active polder 
compaction and the Rhine delta sedimentation of the last few centuries. Geo- 
detic levels over the last 80 years suggest a secular tectonic tilting toward the 
north (the North Sea Geosyncline) and elevation to the south of Holland, with 
a fulcrum about 100 km south of Amsterdam; this is a tectonic motion that is 
expectable, but it is extremely slow. Perhaps the mean rate on the Friesian 
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Fig. 1. Mean tides at Amsterdam and geodetic changes in the Netherlands. 


“A” shows map of the Netherlands (simplified, after EDELMAN, 1954), indicating 
areas of relative rise and sinking in respect to Amsterdam, taken as the zero isobase. 
Local geodetic anomalies (here omitted) in places exceeding 300 mim per century are 
due to compaction of young clayey and peaty sediments. Downward warping toward 
the North Sea has been recorded since Tertiary time, while progressive uplift in the 
south has proceeded concurrently. At present the base of the Pleistocene is depressed 
to — 600 m below Amsterdam, which still seems to be subsiding. According to “B”’ 
(below) this is about 0-7 mm per year or 35 mm for every half century. If the interpre- 
tation of “B” (below) is approximately correct, the present fulcrum between uplift and 
downwarp should lie about 100 km south of Amsterdam. 
““B” shows mean tide levels at Amsterdam (adapted, after VAN VEEN, 1954), and a 
postulated eustatic curve deduced from the assumption that the world rise of sea level 
over the last half century is at the rate of 1-1 mm per year (GUTENBERG, 1941), and 
therefore the Amsterdam tide gauge seems to be dropping at this rate, plus a true 
subsidence factor of 0-7 mm per year, since it shows an apparent sea-level “‘rise” of 
90 mm in the last 50 years. This curve constitutes the longest tide gauge record avail- 
able, and reflects the world climatic pattern over three centuries. Note effect of 
sunspot cycles, reduced to 5-year averages. Records were interrupted by the 
damming of the Ij and the Zuider Zee. 
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coast would be of the order of 160 cm in 1000 years (see geodetic anomaly net 
published by EDELMAN, 1954; and modified, as in Fig. 1B, by allowing a 0-7 mm 
additional subsidence for Amsterdam). Certainly a major factor of this lowering 
must be attributed to tectonic subsidence, but a minor one to gradual compaction 
of the originally low density, water saturated sediment. 

Initially, the compaction factor is large, but below about 10 m, it becomes 
only a few metres in every 100. Thus in a region of rapid sedimentation, the 
compaction factor is high for a few thousand years, and must then drop away 
very sharply. In the case of the Netherlands geodetic levellings one may observe 
this feature very clearly; the new polderlands show enormous anomalies with 
over 300 mm a century in some spots. However, the subsidence of the old 
established land surfaces of northern Holland may only be involved in tectonic 
subsidence. 

That this tectonic tilting is secular is demonstrated by WoLpDsTepDT (1952), 
who showed that the successively higher (“‘normal’’) interglacial terraces in the 
south of England are found at progressively lower subsurface levels in northern 
Holland and Germany. DECHEND (1954) found that the last Elster-Saale sea- 
level maximum (Tyrrhenian terrace, + 30 m) is to-day at — 22 m, thus a subsi- 
dence of 52 m occurred in about 150,000 years, or 0:34 mm per year, about half 
the figure that appears to be the rate for Amsterdam at the present time. This 
is anomalous. It may be due to misdating the Tyrrhenian level, or it may be 
that the subsidence rate was higher during the glacial periods (with ice loading) 
and lower during the interglacials. 

In contrast to the climatic (glacial) controls, there are thus also certain much 
longer range phenomena. The widespread occurrence of youthful coastal plains 
around the world has given rise to the common impression among geologists 


that either the margins of continents are rising constantly or that sea level is 
involved, in spite of oscillations, in a secular lowering. Let us consider these 


alternatives briefly. 


THEORIES OF SHORELINE DISPLACEMENT 


The Continental Flexure Hypotheses 


Several authors have discussed marginal uplift of continents paralleling 
marginal downwarp of shelves. Orto JESSEN (1943) indicated by sections 
across southern Africa, how the mountains lay typically parallel to the coast 
and not far inland; interior plateaux lay at a lower level than the marginal 
mountain belts (““Randschwellen’’), but in many cases were drained by great 
rivers then cut through the border swells in deep antecedent gorges or narrows, 
e.g. the Congo, the Zambesi, the Orange. Unfortunately the evidence is not so 
impressive in other parts of the world. 

On the continental shelf and along the adjacent coast lands BourcarT (1938, 
1950) has identified what he calls a ‘‘flexure continentale” (Fig. 2). He regards 
the innermost (highest) terraces on land as the oldest and most elevated, and on 
the shelf, the lowest and outermost as the oldest and most depressed. A fulcrum 
is visualized at some mid-point. UMBGROvVE (1946) supported the idea and 
ascribed the action to periodic convection currents in the mantle or below. 

The idea that continental margins are constantly rising in balance with a 
subsidence of adjacent basins, is an integral part of the classical theory of 
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isostasy as viewed by Dutton and others. But if this principle acted continuously 
and in the same sense, then the hills behind the coast, subject to long-continued 
uplift and erosion, should expose always the oldest of pre-Cambrian rocks, 
which is not the case as a rule. Reconstructions based on this assumption 
always lead back to a point of absurdity, and are wisely discontinued without 
apology just before reaching that point (GiGouT, 1954). The theories of Jessen 
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Fig. 2. Continental flexure hypothesis. 


A. As originally devised by BourcarT (1950) to explain features off the coast of 

Morocco. Note progressively steeper axis of flexure (a, a’, a”) from Q (Quaternary), 

through P (Pliocene) to M (Miocene). A similar profile through a delta area (Rhine) 
is suggested by UmBGrove (1947). 


B. Sequence of terraces off the tectonically active coast of southern California, based 

on surveys by Emery (1958). Terraces slope seawards at 1:30 or more. Terraces 

around offshore islands and banks average SO per cent deeper than those adjacent 
to the mainland. Evidence favours flexure. 


C. Sequence of terraces off the tectonically stable coast of Western Australia, based 

on echo-sounding profiles published by CARRiGy and FaIRBRIDGE (1954). Terraces 

are essentially horizontal. Those around offshore islands are the same depth as those 
around the mainland. Evidence does not favour flexure. 


and Bourcart seem to view the last few million years as if they represented an 
independent episode of geologic time, without considering what went on 
earlier. 

Consideration of world coastlines suggests that the theory has some merit, 
but only along limited sectors. It is also compatible with certain hypotheses 
involving the subaerial erosion of submarine canyons at some stage or stages 
of the Tertiary. 

Certain parts of the world do, in fact, show a secular tendency for the coastal 
and shelf area to warp slowly down while the hinterland tends to rise (e.g. 
Rhine delta: UmBGrovE, 1947; EDELMAN, 1954; Brouwer, 1956b; CoTTON, 
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1958). One thinks of parts of the western and eastern coasts of North America 
(DoERING, 1956, 1958), of the two sides of South Africa and of parts of Australia. 
But there are just as many places where there is no such tendency, the Arctic 
coasts of North America, many of the Mediterranean coasts of Europe and 
north Africa, long sectors of the northern and southern coasts of Australia. 
The theory of isostasy calls for a mass exchange near continental margins: 
unloading of the land, loading of the shelves and adjacent basins. A fallacy is 
often introduced: generally speaking, the area of the land is unloaded is infinitely 
larger than that of the basin receiving sediment. Therefore the elevation of the 
continent should be less than the downwarp of the basin, and in any case 
tectonic factors must assist the latter, or else the basin will eventually fill up. 


The Oscillating Margin Hypotheses 


The concept of a slow pulsating oscillation of the coastal regions of the Earth 
was advanced by Lewis (1937). If the continental flexure idea lacked support 
in many areas, perhaps they were out of phase and an oscillating process might 
help to resolve the difficulty. In this case some coastlines could be in an upward 
swing; others in a negative phase. Studies of the tectonic history of charac- 
teristic continental shelves and adjacent hinterlands have shown convincingly 
that coastal basins will often maintain the same generally negative habit for up 
to 500 million years (CARRIGY and FAIRBRIDGE, 1954); they may only achieve 
a net subsidence of 20-30,000 feet in this time, and, though some positive 
swings may have intervened, the general tendency has only been in one direction. 
Positive structural units, in contrast, to-day display pre-Cambrian rocks with 
very little evidence that they have ever been inundated since before the Paleozoic. 
In short, many areas show no sign of oscillation, so this hypothesis too must be 


rejected as a universal one, although it may have local application. 

In searching for a theory of world-wide validity it is no use selecting the most 
convincing evidence from one restricted sector and simply hope for the best for 
all other points of the Earth. The best indications in California or New Guinea 
are not Satisfactory if they do not apply in the west of France or in peninsular 
India. 


The Geodetic Hypotheses 


We have considered localized change in the Earth’s crust; we have reviewed 
regional changes in the relative shapes of continents and oceans. There appear 
next certain geodetic possibilities that involve change in the Earth’s motion and 
shape as a whole. These may be related to change in the rotational rate of the 
Earth, and change in the gravitational forces both internal and extra-telluric. 
Both are intricately related. A redistribution of mass will change the moment 
of inertia, and hence the rotational rate, but it will also affect gravity. Also 
involved will be the polar wobble, the angular velocity and its direction. 

Under centrifugal force, the Earth’s geoid swells at the equator and shrinks 
at the poles. A change in the angular velocity would result in the hydrosphere 
reacting differently from the lithosphere. Acceleration would cause rise of sea 
level in the equatorial belt and a lowering at the poles. Deceleration would 
have the opposite effect. 

Small changes in the angular velocity of the Earth have actually been deduced 
from analysis of observations by ancient astronomers. The change, involving a 
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shortening of the day by about 27 milliseconds during the last 3000 years, is 
consistent with a cooling of the Earth that resulted in a rapid growth of ice-caps 
and a small eustatic drop in sea level (MUNK and REVELLE, 1952a, 1952b). Such 
a drop (1-5 m) is in fact observed in that time (FAIRBRIDGE, 1958). An appre- 
ciable precession of the pole would also be involved owing to the eccentric 
location of the ice caps (notably in the northern hemisphere). Variations in the 
length of the day currently observed are considerably greater than required by 
current oscillations of sea level and therefore still further explanation is called 
for; this may be found perhaps in a variable motion in the Earth’s core, as 
indicated by the west drift of the magnetic field (MUNK and REVELLE, 
1952b). 

It is interesting to consider also how the eustatic theory affects other bodies 
in turn. ANDREW YOUNG (1953) has suggested that the well-known acceleration 
of the Moon may possibly be related to the current rise of sea level (although it 
is usually attributed to tidal friction). 

Any change in the polar axis, either due to external forces or to crustal 
slippage (not yet established), would result in relative rise or fall of the sea level 
in equatorial and polar regions. Reliable data of any of these concepts are 
difficult to obtain, but some indications are given by GUTENBERG (1951), 
JEFFREYS (1952), and SCHEIDEGGER (1958). 

The possibility of sudden polar shift or rotation changes due to near collision 
with a comet or other extra-telluric body has been considered by several writers. 
For example, from classical literature comes the information of a near-collision 
by a comet in 371 B.c., which was reported to coincide with inundation of 
coastal villages in the Mediterranean; the time, 2330 B.P., by coincidence or 
otherwise, matches a major transgression (the “Abrolhos Submergence”; 
FAIRBRIDGE, 1958) that produced 5-foot coastal and coral platforms over most 
of the semi-equatorial regions. In this case an increased rotation speed might 
explain the sudden sea-level rise in the latitude 30° N. to 30° S., however, it 
seems from the climatic data that there was also a temperature rise at this time, 
which point to a eustatic control (see next section), that was not in any way 
related to cosmic collision. 

A geodetic change therefore will affect specific circumferential belts of the 
Earth’s surface differently. A change in rotation speed will result essentially 
in changes of the same order for points of equal latitude (with some modification 
for continental shape and location); these changes will be in the opposite sense 
in polar and equatorial regions. Alternatively a change in axis will produce 
sea-level changes of contrasting sense corresponding to anomalous latitudinal 
shifts. In neither case can there be a uniform world-wide change in sea level; 
for these we must look to the eustatic causes (see next section). 

Specific regions have been suggested as the sites of such geodetic changes. 
JARDETZKY (1957) has proposed an aperiodic polar shift as an explanation for the 
suspected deepening of the Pacific since the Mesozoic. The North Pole is 
supposed to have been located in the north-west Pacific at the end of the Pale- 
ozoic according to a mounting volume of rock paleomagnetic studies (RUNCORN, 

1956, 1959, and others). A progressive or aperiodic displacement (in small 
jumps) to its present position would undoubtedly lead to sea-level rises in the 
region of the northward moving equator. However, very little is known of the 
rate and degree of adjustment of the crust to such axial shift. 
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An idealized model of the geodetic effect on the hydrosphere a sudden polar 
shift is suggested in Fig. 3. It has to be a sudden shift, without time for crustal 
recovery to something approaching the normal spheroid. A 45° shift from the 
North Pacific to the present North Pole, would raise sea level at the present 
equator by 11 km; such a violent movement is considered absurd from many 
points of view, but it illustrates the principle. A sudden 10° shift would reduce 
the equatorial rise to 2450 m; a 1° shift would mean only 245 m. Such zonal 
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Fig. 3. Geodetic effect on hydrosphere of sudden shift of pole. Two examples are 
offered. Assuming the hydrosphere reacted instantaneously and the semi-rigid 
spheroid would adjust slowly (say, 10 to 20,000 years) to a polar shift, a 45° displace- 
ment of the North Pole (NP, to NP,) would produce a total regression from NP, 
and a 13 km rise of sea level at NP, (11 km mean radius of Earth, plus 2 km, mean 
depth of hydrosphere). A 10° polar shift would be proportionately less; a 1° shift 
would produce a maximum rise of the new equatorial sea level of 245 m. 


(geodetic) rises carry, of course, the requirement that regressions of equal value 
occur at the 90° antipodes. 

Such movements would undoubtedly be gradually compensated at least in 
large measure by crustal adjustment, but the slow adjustment of Scandinavia 
and Canada to glacial unloading (still going on although the ice disappeared 
7000 or 8000 years ago) indicates that adjustments are not momentary. If one 
visualizes a 25,000 year recovery time for plastic readjustment to a 1° polar 
shift, this would be more than adequate time to develop sedimentary formations 
in the transgressed areas, and cut coastal erosion benches, and subaerial stream 
valleys in the emerged area. 

One of the key areas in this field of reasoning is the central Pacific Ocean, 
where the hundreds of flat-topped seamounts (“‘guyots’’) constitute one of the 
enigmas of modern geotectonics. The flat tops of these “guyots” demand 
intertidal marine erosion (Hess, 1946, 1955), but at depths of 4000-8000 feet, 
they have clearly subsided or sea level has risen. HAMILTON (1953) demonstrated 
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the presence of Cretaceous neritic facies on the top of one. It is true that each 
atoll and every seamount could be subsiding in its own little saucer, a thousand 
little crustal dimples (WOOLLARD, 1954), estimated by KUENEN (1955) at 0:02 mm 
per year. The load of the seamount undoubtedly causes local sagging, but it 
cannot be unlimited or great island masses, like Hawaii, Tahiti and Samoa 
would simply subside in their own foundations. The older islands are still 
standing after many millions of years (DALY, 1940; Dietz and MENARD, 
1953). Nevertheless the projecting islands are all relatively young, while the 
guyots would appear to be largely pre-Tertiary. The conclusion appears 
inescapable, that the local compensation is extremely effective. 

It is a very reasonable hypothesis to suggest that the Pacific floor has remained 
relatively stable, but that when the North Pole lay over this region, sea level 
was lower and the old volcanic tops were truncated by marine erosion. At 
lat. 45° N., sea level has risen 11,000 m, but the guyots are only 1000-3000 m 
below the surface, so that the progressive crustal compensation (over 200 
million years) has been 8-10 km, plus a small factor of local load adjustment. 

Such an hypothesis may shed some fresh light on the old problem of sub- 
marine canyons, particularly those that are cut in very hard rocks such as granite, 
and not adequately explained by turbidity currents. SHEPARD (1948) wanted to 
explain the canyons by subaerial erosion, but, by assuming the lowered sea 
level to be eustatic, ran into absurdities and dropped the idea (1952). However, 
a local, or rather geodetic zonal lowering of sea level would avoid the salinity 
problem, etc., involved in the eustatic theory. Also the time need not necessarily 
be Quaternary, but can be much older; slumping and turbidity currents are 
adequate to keep canyons open, once they are cut. 

Some objections are raised by geophysicists to the concept of the aperiodic 
pole shift. Some of these are overcome by the substitution of a crustal sliding 
hypothesis, which would not alter the basic picture of sea-level changes in the 
Pacific. The work of RUNCORN (1956) and his associates has brought the 
concept of major (relative) pole changes into the forefront of geological theories. 
Similar theories have long been in existence based on paleo-climatologic data; 
the distribution of coal deposits, continental glacial remains, evaporites, red 
beds, etc. Most valuable work on coral growth rates for almost every geological 
period back to the Ordovician has prompted Ting Ying H. Ma to propose a 
theory of sudden, aperiodic slidings of the earth shell over the fixed core (1953). 
There is a curious convergence of all these highly scattered lines of research 
that demands most careful scrutiny. 

The theory of periodic polar shift, through an arc of about 10° or so, has been 
long considered by the astronomers, but with inadequate evidence as yet (D. 
Brouwer, 1953). The geological (paleoclimatological) picture of such oscilla- 
tions superimposed on various Quaternary patterns, presents interesting 
possibilities. BLANCHARD (1942) has developed this theme on the basis of studies 
in the French fluvial terraces. It is no way excluded from integration with the 
major aperiodic shift hypotheses. 


The Eustatic Hypotheses 

As an alternative to the various ideas of regional or local effect, we have the 
concept that the level of the ocean has changed (DALy, 1934; KUENEN, 1954, 
1955; GiGouT, 1958). 
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Several different hypotheses have been considered: some involve changing 
the shape of the ocean floor but keeping the volume of water constant; others 
seek to change the volume of the ocean, keeping the shape of the basins constant. 

Both categories date well back into the last century but for some reason or 
other did not achieve widespread acceptance. 

The most important of these may be called ‘“‘tectono-eustasy”’ (alternatively 
““geotecto-eustasy” of SAARMANN, 1948). It is partly attributable to DARWIN 
(1842) and CHAMBERS (1848), who, as mentioned earlier suggested that a broad 
downwarping of an ocean basin could cause a widespread drop of sea level. 
For this there was suggestive evidence in the Pacific Ocean. 

Not only do the subsiding foundations of Darwin’s coral atolls support such 
a hypothesis, but so do a whole host of seamounts, at that time hidden from 
sight beneath the surface of the Pacific Ocean (see preceding section). 

With the fundamental concept of epeirogeny, if one visualizes the broad 
upwarp of an area like the successively peneplaned plateaus of Africa, or even 
on a small scale, the Colorado plateau, there is the corollary that some adjoining 
area must be downwarped. The volume of the world’s epicontinental basins 
(approximately 2-8 x 10° km?: FAIRBRIDGE, 1959) is quite inadequate to balance 
the volume of continents uplifted. Thus adjacent ocean basins seem to be 
necessarily involved (RIVIERE, 1955). This is the ‘‘epeirogen-eustasy” of VALENTIN 
(1954), in contrast to “‘orogen-eustasy”, or the sea-level oscillations controlled 
by orogenic movements within the mobile ortho-geosynclinal belts. 

In his classical study of geosynclines, mentioned earlier, HAUG (1900) came 
to the conclusion that when the latter subsided the marginal platforms warped 
up and vice versa. Thus emerged his theory of epicontinental transgressions 
and regressions that were reciprocally timed to geosynclinal uplift and subsi- 
dence. However, this has fallen down under two counts: the volume of any 
deep sea trough is small with respect to the large area of ocean that must be 
lowered in any major eustatic drop; secondly, stratigraphic work has demon- 
strated that the major transgressions in the world are often synchronous, 
regardless of the tectonic location (STILLE, 1923). 

STILLE (1924) submitted that Earth history is basically divided into geocratic 
periods, when lands are high and dominant, and thalassocratic periods, when 
they are low and the seas spread far over them. The ocean floors at these times 
would also have to be relatively shallow. The major eustatic effects of such 
alternating periods on the shelves of more or less stable continents will be to 
oscillate the locus of major sedimentation from the inner shelf-coastal plain 
zone to the off-shelf-bathyal marginal zone (FAIRBRIDGE, 1955). The former is 
occupied during the thalassocratic phase, the latter during the geocratic. 

It seems unlikely that the absolute eustatic oscillation (over very long periods) 
has normally ranged over more than 200-500 m, since the total water budget 
seems to have been rather constant for a very long time; also the pattern of the 
hypsographic curve shows a distinctive ‘‘nick” within this range and probably 
reflects a general pattern of erosion above it and sedimentation below it (BUCHER, 
1933). When we say “normally”, however, this does not preclude the possibility 
that for very brief periods, quite abnormal levels may have been reached; 
nevertheless the evidence for such episodes may perhaps be better explained 
by the relatively brief geodetic displacements envisaged in the preceding 
section. 
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There are, however, very serious objections to very large downwarpings of 
the great ocean floors: questions of geodesy, the density of simatic crust, etc. 
For the Quaternary alone, Cosmo Jonns (1934, 1939) proposed a 1000-2000 m 
lowering of the Pacific floor. SHEPARD (1948), to explain submarine canyons, 
considered a eustatic drop of similar order—but soon afterwards abandoned the 
idea. SONDER (1956), to explain the 2000 m or more depths of sea mounts, 
proposed a progressive, rhythmic lowering, continuing since the pre-Cambrian 
with each revival associated with the major diastrophic episodes. 

Such considerations do not preclude fairly extensive subsidence of semi- 
continental crust (such as the Melanesian, East Indian or Mediterranean types). 
It has been suggested that the subsidence of the Black Sea basin by 100 m (thus 
4 x 104 km*) would only lower the world ocean by 10 cm (GiGouT, 1958); in 
reality it has dropped about 2000 m since the beginning of the Tertiary, so that 
a world-wide eustatic lowering of 2 m is involved for this single basin. Perhaps 
it would not be an exaggeration to estimate the volume of semi-continental 
basin subsidences since early Tertiary at 100 times that of the Black Sea, thus 
involving a tectono-eustatic lowering of 200 m, irrespective of all other influences. 

A second eustatic hypothesis should be considered at this stage, that of 
“‘sedimento-eustasy.”’ This also assumes that the total volume of water remains 
the same, but if we pile sediment into the bottom of the bathtub, sooner or 
later the sides will overflow. Archimedes is said to have discovered this fact 
and announced it under rather startling circumstances. 

If all the land area were peneplaned and dropped into the ocean (which 
would steadily rise during this denudation), the eventual sea level would be 
250 m above the present (PENCK, 1934). Assuming a present-day transportation 
of about 12 km? of sediment into the ocean per year, there would be a net rise 
of sea level of only 3-3 cm in 1000 years. Terrigenous sedimentation is locally 
extremely fast, often exceeding 1 cm per year. Consideration of the average 
rates of sedimentation, however, does not lead altogether to a satisfactory 
conclusion. Pelagic sedimentation is, of course, extremely slow. Moreover, 
in regions of crustal weakness the local subsidence is often almost as rapid as 
the infilling, so that the net water displacement may not be as great as one might 
imagine. One notes that sedimento-eustasy is essentially a one-way process: 
accumulation can only raise the level, but submarine sediments cannot be 
removed except by tectonic (local) activity. 

A third hypothesis is the popular one of glacial eustasy, the idea that water 
is removed from oceans during cold epochs to be locked up in continental ice 
caps, and is liberated once more during melting. The concept goes back 
essentially to MCLAREN (1842) who established a possible 107-213 m drop of 
sea level and to TYLor (1872) who believed that a 180 m (600 foot) oscillation 
was probable; it could also explain in part the recent upgrowth of coral reefs. 
The general concensus of opinion seems to favour that of UMBGROvE (1930) 
who placed the lowest level of the Pleistocene sea as very close to 100 m. More 
recently WOLDSTEDT (1954) has put it at 115-120 m. 

The glacial theory was adopted with characteristic enthusiasm and energy 
by R. A. Daty (1934), who applied it to the explanation of coral reefs, his 
“glacial control hypothesis”. Instead of coral atolls growing up from subsiding 
foundations, they were to grow up from a foundation cut by marine erosion 
during the Pleistocene low sea-level episodes. Since great reef-building corals 
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cannot grow rapidly at depths much in excess of 40 m (120 feet) in the tropics, 
he imagined the colonization of these pre-cut platforms during the last glacial 
low-level phase and, with the post-glacial climatic improvement, the melt 
waters poured back into the oceans and the reef-builders grew up keeping pace 
with the rising sea level. 

Daly’s glacial control idea was a good theory, but like so many, it was incom- 
plete. Coral reef borings in the Marshall Islands demonstrate the basement to 
lie in excess of 4000 feet, far too deep for glacial “control.” The amount of 
water removed from the oceans has been variously calculated, but 300-450 feet 
represent the range of recent estimates (ZEUNER, 1952; Fisk and MCFARLAN, 
1955). Even along the continental margins, such as the Great Barrier Reef of 
Australia where glacial control is most significant, some structural downwarping 
must also be reckoned with (FAIRBRIDGE, 1950b). 


It is evident therefore that there is more than one type of eustasy, and many 
different causes may contribute to a net effect. Summarizing the different types 
of eustatic change of sea level, one may distinguish three major categories, each 
with some variations: 


(a) Tectono-Eustasy (or “‘eustatism’’; it makes no difference), a movement 
controlled by deformation of the oceanic basins, or general geodetic change: 


(i) Local, around newly erupted volcanic cones; 
(ii) Linear, in orogenic trenches and associated fold belts; 
(iii) Regional, collapse of intermediate-sized basins of Mediterranean type; 
(iv) Ocean-wide, downwarp of thalassocratons (the deep, central ocean 
floors); this could result both from sediment loading (4), from increase in 
water load (c), and from geodetic change. 


(b) Sedimento-eustasy, a movement controlled by addition of sediments, 
causing upward displacement of water. (This type can only effect one-way, 
positive eustatic movements.) 


(i) Pelagic sedimentation, over the great oceans; 
(ii) Terrigenous sedimentation, into marginal troughs and basins. 


(c) Glacio-eustasy, a climatically controlled movement leading to removal 
or addition of water under conditions of glaciation and deglaciation; thus a 
change in water volume is involved. However, loading of continental ice will 
lead to regional downwarp that produces marginal upwarp by subcrustal 
flowage. 


(d) Other Eustatic Processes: some minor additional factors include such 
things as the addition of juvenile (primary) water from volcanoes (PENCK, 1934; 
Da_y, 1934; KUENEN, 1954), and change in the total volume of the ocean with 
expansion or contraction of the water mass due to mean temperature changes 
from solar radiation, etc. A 1°C rise of sea temperature universally throughout 
the whole water column would raise the water surface by 2 m (MUNK, personal 
communication). 
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AN INTEGRATED THEORY 


Examination of the various hypotheses relating to differential displacements of 
land and sea leads to the following conclusions: 


1. All of the hypotheses proposed appear to have at least partial applicability. 
They are not mutually incompatible. 

2. The eustatic hypotheses are of world-wide application, but vary in relative 
importance according to the prevailing diastrophic and world climate conditions. 

3. The tectonic and geodetic hypotheses are not universal in application, but 
vary from region to region in their appropriateness. 


We need therefore to keep all factors in mind and develop an integrated theory. 
Such an ideal is not yet achievable and would involve studies of geophysics, 
geochemistry, stratigraphy, tectonics, and geomorphology, above sea level and 
below. 

Some examples of these interrelated studies may be noticed at this time. 

Oscillations of sea level, engendered by Quaternary climatic changes and by 
tectonic changes of oceanic volume, may well be superimposed on the “flexure 
continentale.”” This should be demonstrable by following thalassostatic river 
terraces upstream of the fulcrum and out across the shelf below the fulcrum. 
At the point of the fulcrum, which may migrate upstream or downstream over 
some period of time, there should be recorded, by cut and fill phenomena, the 
Quaternary eustatic sequence. Upstream the terraces should diverge upwards 
and down the grade they should diverge downwards. In the case of the Missis- 
sippi this seems to be so (RUSSELL, 1938, 1940; RicHARDs, 1939; Fisk, 1939, 
1944; Fisk and MCFARLAN, 1955). Evidence is not lacking for some other 
great rivers (RUSSELL, 1942; UMBGRoveE, 1947; Brouwer, 1956a,b; ZEUNER, 
1958). 

There is an important feature about most great river deltas that distinguishes 
these sectors of coastlines from others. That is to say, they are subsiding at a 
much greater rate than any other parts of the Earth’s crust. A north-south 
section through the Mississippi delta should never be taken as characteristic 
for the normal profile from the continent to the ocean. 

The base of the shallow water Pleistocene is encountered in bores out on the 
Mississippi shelf at several thousand feet, and this closely approximates the 
amount of compaction, plus tectonic subsidence. The local downwarp is thus 
far in excess of the upwarp of the continental margins, if indeed, any upward 
movement occurred; that limited unwarping is in progress is suggested by a 
small upstream divergence in the levels of the terraces on the Mississippi. 

This upstream terrace divergence is not seen on all rivers. The terraces of 
France, Britain and Germany have been mapped as well as any. The middle 
courses terraces of these often run parallel and in the upper courses actually 
converge (BAULIG, 1928, 1935; WooLpRIDGE, 1950; ZEUNER, 1958). 

The study of erosion planes and river terraces during the Pleistocene is fraught 
with difficulties because the glaciated areas are notoriously involved in vertical 
readjustment. Other river valleys debouch at sites of such abnormal subsidence 
that heavy sedimentation is concentrated there. 

The Nile delta is one such area, but the terraces above Cairo (the delta head) 
are extraordinarily constant (BALL, 1939). The middle course of that river 
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runs across an immense section of the pre-Cambrian shield of Africa; this shield 
is overlapped on the north by Cretaceous and Tertiary beds that are practically 
horizontal, and little more than thin veneers. This seems to be a strong argu- 
ment for interpreting the Nile terraces as eustatically controlled, because the 
rock floor of the river is still below present sea level for a matter of 700 km 
above the mouth (Pfannenstiel, 1952, 1956). 

The lower courses of rivers in general seem to be much more related to 
eustatic oscillations (“‘thalassostatic’’) than to subsidence (ZEUNER, 1945; 
Brouwer, 1956a,b). Thus as a general rule we say the terraces are cut through 
during low sea-level phases and build up during high periods. However, this 
simple rule is not always quite so simple. A fluvial terrace may be an eroded 
plane; alternatively, it may be essentially a high stage in accumulation. Often 
both features are present, and sometimes there are separate names for each 
surface; frequently they are of different ages (see, for example, QUINN, 1957). 

Furthermore it is not correct to correlate all phases of terrace building with 
high sea levels (SMITH, 1949; ZEUNER, 1958). Rather, the building is associated 
with flooding conditions which may be due to (a) thalassostatic back-up of base- 
level; (b) excessive melt water from ice fronts due to climatic warming; or (c) 
increased rainfall, i.e. a “Pluvial” phase. Pluvial conditions may parallel the 
glacial in time, as for example when the ice front advances, the temperate 
rainfall belts advance over the semi-arid. However, in other latitudes, nearer 
the equator, the same event may cause the semi-arid to encroach on the hot 
wet and cause reduced flooding. 

The converse also seems to be true: pluvial conditions can be introduced 
during a warm interglacial, due to expansion of the tropical rain belt, advancing 
into the formerly semi-arid belts. At the same time the semi-arid displacement 
terminates pluvial conditions along the equatorward margins of the former 
temperate zones. In the intermediate latitudes evidence of pluvial conditions 
generally match the cool and deglacial melting phases, but may terminate 
before the maximum of the interglacial with its advancing aridity (Fig. 4). 

A recent study of climatic change in low latitudes (Mediterranean, Middle 
East and Africa) by BUTZER (1957a,b; 1958) indicates that over 30-year mean 
periods, beginning 1881, some remarkable anomalies have appeared. The 
Sahara shows 25 per cent less precipitation, the Mediterranean and Middle 
East 5-15 per cent less. But temperate N.W. Europe and monsoon regions like 
southern India show 5 per cent more precipitation. This is in line with recent 
summaries by Brooks (1949) and by various authors, CONOVER, CONRAD and 
others (in SHAPLEY, 1953). They all fit into the pattern of glacier retreat and 
sea-level rise, and Butzer’s work illustrates the danger of simply correlating 
““pluvial” conditions with world cooling. 

In regions such as arid Africa and central Australia the evidence of an 
alternating sequence of dry and wet Quaternary climates is extraordinarily 
clear. But the dating of each phase presents great difficulties. Only in a few 
coastal areas is it possible to correlate the climatic phase with a particular 
stand of sea level. In Western and southern Australia the present writer has 
found that from latitudes 40° to 15° S. there are numerous cases of extensive 
eolian formations extending well below present sea level. In Cambridge Gulf 
(lat. 17° S.) desert dune ridges, now stabilized by vegetation, may be observed 
forming long fingers disappearing beneath the waters of the gulf. Littoral 
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(calcareous) dunes, which should not necessarily be equated to desert dunes, 
form offshore ridges rising from — 40 m or more along much of the coastline; 
they appear to be in part Riss and in part Wiirm interstadials, late Wiirm 
(PEoRIA) or even Alleréd (Two Creeks) in age (TEICHERT and FAIRBRIDGE, 1955). 
In west Africa (Senegal), TRICART, MICHEL and VocrT (1957) believe the desert 
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Fig. 4. Retardation principle and solar radiation. Simpson claimed that glacial 
maxima would coincide with solar radiation means owing to increased evaporation 
and precipitation at such times. This idea is regarded as correct in principle, but 
quantitatively exaggerated. Decreased radiation to the right of Point A produces a 
cold-dry phase in temperate zones. Increased radiation to the right of Point B 
produces a cold-wet climate. High radiation in temperate belts produces hot—dry 
conditions, but in semi-arid savannah regions it will produce hot-wet, with a 
reversed secondary oscillation in the peak of the precipitation curve. 

Pluvial stages (see fourth curve) will alternate between temperate-pluvials (inter- 
mediate solar radiation) and subtropical pluvials (radiation maxima); radiation 
minima will be marked by cold-dry interstadials. 

Retardation affects both Nivation and Pluviation: with slow ice advances and 
onset of wet periglacial conditions, but rapid retreats and postglacial desiccation in 
periglacial regions. Oscillations on the right of curve No. 3 indicate the Simpson prin- 
ciple under retardation: increasing solar radiation produces brief glacial advances, 

even during a world-wide warm-up. 


dunes should correlate with the glacial low sea levels. Red (humid) soils seem 
to match interglacials there. 

However, in “‘mediterranean”’ south-western Australia (FAIRBRIDGE, 1948), 
red soils filling karst channels descend far below sea level and suggest cool 
period pluvials. BUTZER (1957b) feels that the evidence from arid and sub- 
tropical Africa demonstrates that maximum dune formation is in warmest 
periods and lateritic soil development comes with the cooler wetter phases. It 
is interesting that in the southern Sahara to-day, most of the dunes are stabilized 
‘fossil dunes” or “‘Qoz”’ as in northern, southern and western Australia. In 
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places the Sudan-Chad dunes have a limonitic crust, as additional evidence of 
wet conditions. However, the precise correlations are not at all clear. 

In the writer’s opinion, a distinction must be made between littoral and desert 
dunes. The former are found over very wide latitudes (15-40°) associated with 
still-stands after transgressions or during regressions, most of them belonging 
to periods colder (if drier) than the present. The desert dunes for their part are 
associated with aridity occupying a definite climatic belt which migrates in 
relationship to the ice-fronts and general circulation pattern. The manner of 
the variation according to high or low solar radiation is not well understood. 
On the basis of the Quaternary stratigraphic record in Australia and Africa, 
the writer suggests that the equatorial climatic belt expanded or contracted 
systematically; the cause is uncertain, but only solar radiation changes seem to 
offer the necessary world-wide mechanism. 

The present rise of world temperature may result in the following continental 
pattern: 


1. Expansion of tropical and monsoon belts, thus pluvial expanding over arid 
in adjacent arid zones. 

2. Polewards migration of arid zones over mediterranean, thus arid replacing 
pluvial. 

3. Temperate wet belts advancing over cool-dry. 

4. Cool-dry moving in to the retreating glaciers. 


In coastal and mountainous areas the pattern is complicated by local con- 
ditions, and some glaciers will certainly advance because of the polewards shift 
of precipitation in the cool temperate latitudes, which is related to the warming 
of adjacent seas as suggested on theoretical grounds by EwinG and DONN 
(1956, 1958). 

The conclusion drawn is that in subtropical latitudes a high eustatic level 
should match a warm pluvial, but in mediterranean belts it may match an arid 
phase, and the same eustatic high will correspond to a mild—wet phase in very 
high temperate latitudes, but to a warm-dry phase a few degrees closer to the 
equator. 

With the glacial low eustatic levels, cool-temperate pluvial conditions 
would advance into the mediterranean and semi-arid belts at first, but the radia- 
tion minima would probably bring a cool dry phase of extremely widespread 
nature. In a mid-arid zone area one can expect therefore a six-fold climatic 
sequence for a simple high-low (interglacial to glacial) radiation cycle where (a) 
is oldest and (/) youngest: 


(a) hot-wet: fluvial gravels, lacustrine sediments, tropical soils, “soft” 
laterites (RADIATION MAXIMUM); 

(b) hot-dry: crust formation over laterites, dunes; 

(c) warm-wet to cool-wet: renewed fluvial and lacustrine of temperate 
facies; 

(d) cool-dry: dunes fixed temporarily by light soils (RADIATION MINIMUM); 

(e) cool-wet to warm-—wet: renewed temperate fluvial development; 

(f) hot-dry: renewed dune development. 


With this picture it is not surprising that some observers (e.g. HUZAYYIN, 1936) 
have spoken of two different types of interglacial—a hot-wet and a cool-dry; 
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actually only the first is an interglacial; the second is an interstadial. One may 
note that this mid-arid zone sequence may be found truncated: in equatorwards 
locations, without stage (d); in polewards areas lacking stage (a). 

Owing to the retardation principle (Fig. 4), the late-glacial warming should 
be marked in both the temperate and semi-arid region by intense pluviation, 
which, however, will begin well before the sea level returns to normal; the delay 
of glacial melting is illustrated by interesting faunal anomalies, such as that 
noted by BLANC (1937) in the Mediterranean, where the early Versilian trans- 
gression shows a fauna warmer than to-day, while still far below present sea 
level. Late Pleistocene (interstadial) eolianites in Western Australia contain 
warmer than present foraminifera although the sea level was below the present 
(PARR, in FAIRBRIDGE, 1948). In the same way high pluvial terraces occur close 
to the present coast, although sea level had not yet risen to its present stand (see 
recent radiocarbon dating from Australia, e.g. Y-326: DEEveyY et al., 1959). 


Upstream of the delta regions of rivers, on the hills above well-marked fluvial 
terraces are more obscure traces of former erosion surfaces, partly fluvial, 
partly peneplains. In few places can these be accurately dated but they are 
generally traceable to various stages of the Tertiary. One, for example, is well 
documented in the South of England. There are solution pipes in a karst- 
affected Cretaceous chalk surface which is planed off at about 600 feet above 
sea level. The pipes contain Pleistocene marine fossils. This peneplain is trace- 
able across much of western Europe and is called the “Calabrian Terrace” in the 
Mediterranean (GEORGE, 1955). It is not horizontal but slightly undulating, 
owing to crustal movements (WOOLDRIDGE, 1927). Nevertheless its mean high 
stand appears to correspond closely to the true level of the Pliocene sea during 
a fairly long pause shortly before the Quaternary. 

The ocean level may have been higher still in the earlier Tertiary. The reason 
for these higher sea levels is not well understood. Undoubtedly there were 
climatologically warmer phases, which gradually cooled toward the beginning 
of the Quaternary. However, 200 m is far above the level allowable for any 
universal ice melting. Two possibilities seem open. It seems inescapable that 
the floors of major semi-continental basins such as the Mediterranean have 
subsided slowly. Also there were tectonically accelerated crustal ( ?geosynclinal) 
disturbances. But within the Tertiary there were also sudden transgressions 
and regressions that may be related to polar shift; RUNCORN (1956) sets the 
Miocene pole 10° from the present, toward Siberia. On the other hand, paleo- 
botanic evidence in Siberia, as elsewhere in the cool northern latitudes, suggests 
increasingly warm or temperate conditions as one goes back in the Tertiary 
(BARGHOORN, 1953a; ZAKLINSKAYA, 1958). 

EMILIANI’s oxygen isotope temperature determinations (1956) suggested that 
Tertiary tropical oceanic water was similar to the present (about 28°C), notably 
for the Oligocene, but the Miocene may have been so much as 4°C lower. The 
anomalous appearance of generally warmer biotas through much of the Tertiary 
is explained by Emiliani as due to freer marine circulation. 

The more open seas of the early Tertiary (open at Panama and in the Levant) 
permitted free round-the-world equatorial water movements. The obstructions 
by land bridges in the later Tertiary were strictly tectonic events which 
undoubtedly had great repercussions of meteorologic character. 
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Although Emiliani indicates no appreciable change in surface equatorial 
water temperature from the warm Quaternary back to the Oligocene, his bottom 
temperatures are quite different. Oxygen isotope study of equatorial Pacific 
benthic foraminifera, suggest an Oligocene bottom temperature of 10°C, 
Miocene of 7°, and uppermost Pliocene 2°C (the present value). 
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Fig. 5. Lowering of temperature in Northern Europe during Tertiary and Quaternary. 
Note the x 20 enlargement of Quaternary time scale. In “A” Mean Annual 
Temperature is indicated for Central Europe, but very similar indications appear 
from western North America, Siberia, Australia. TEICHMULLER (1958) added 
humidity peaks in M. and U. Oligocene, and in M. Miocene. In “B” eustatic 
oscillations are essentially relative, with little amplitude control prior to Quaternary. 
However, note almost complete lack of any close similarity to temperature curve on 
the basis of existing data. 


For a temperate continental region like Central Europe, WoLpstepT (1944b) 
indicates an Oligocene mean temperature of 20°C that had dropped by Upper 
Pliocene to 10°C, also, the present value (Fig. 5). RAMSAY (1910) suggested that 
geologists refer to periods of world-wide warmth as “‘pliothermal” and of cooling 
as “miothermal.”’ Many authors have stressed the abnormality of the latter in 
respect to geological time (BARGHOORN, 1953a). 

The humidity factor has recently been added by TEICHMULLER (1958) from 
studies in the German brown coals. He suggests that from a rather semi-arid 
beginning in the Eocene, the humidity increased in Middle and Upper Oligocene, 
dropping sharply in the Lower Miocene, to rise once more (with a temperature 
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oscillation of at least 1°C) in Middle Miocene, and to fall again sharply in Upper 
Miocene. By Lower Pliocene, there were no longer any sub-tropical representa- 
tives and the mean temperature was probably about 12°C, and the humidity 
rose once more. 

Comparison of these data with the postulated (but not accurately surveyed) 
eustatic data for the Tertiary (following STILLE, 1923; and UmpBGrove, 1947) 
suggests that there have been continuous fluctuations, climatic and eustatic 
(Fig. 5). However, it is not clear if the interrelationship was by a reduced 
(mountain type?) glacio-eustasy or by coincidence of tectonic events and 
meteorologic reactions. In view of the uniformly higher temperatures and the 
absence of large ice sheets, notably from Antarctica (FAIRBRIDGE, 1952b) it 
would seem that glacio-eustasy is secondary and that for the Tertiary an orogenic- 
climatic theory must be entertained, a case of tectono-eustasy. 

Through the Quaternary, extreme climatic fluctuations occurred in the equa- 
torial regions but even more so in the temperate and polar regions. As will appear 
below, there appears to be a close correlation between minor sea-level changes 
and climatic oscillations. Thus in northern Europe the July mean “Climatic 
Optimum” temperature was approximately 2°C above the present, while the 
sea level was 3 m higher; in the Alleréd oscillation the July mean temperature 
was 2:5°C below the present and sea level was — 32m; at the Main Wiirm 
glacial maximum the annual mean temperature was 6°C below present and the 
sea level — 100 m (FLINT, 1957, p. 487). For the major oscillations there is 
thus no simple direct interrelationship and this question will have to be examined 
further. 

Little attempt has yet been made to integrate the different eustatic controls 
in pre-Quaternary time. However, the modern developments in sedimentology 
and stratigraphy permit certain deductions. A considerable literature is now 
developing on shallow water rhythmic and cyclic sedimentation. While turbidity- 
current rhythmic deposits (essentially bathyal and abyssal) show no direct 
effect of sea-level changes, neritic facies are very sensitive indicators. For 
periods when no obvious glacial-deglaciation climatic sequence is known, 
such as the Cretaceous, there are still remarkable eustatic alternations in depth. 
The pattern of this is rather consistent and very clear (see, for example, 
WANLEsS, 1950; Carozzi, 1951). In each major cycle (of the order of 1-5 
million years) there is a slow rise of sea level, perhaps with minor oscillations, 
followed by a rapid major regression and another slow build-up. This striking 
asymmetry is still quite unexplained. 


QUATERNARY SEA-LEVEL CHANGES 


“Nothing stirs the imagination more than the study of the Quaternary” 
(according to MAURICE GIGNOUX, 1955, p. 655). And its sea-level changes have 
evoked some ingenious theories. Evidence of great eustatic changes are now 
becoming widely accepted by stratigraphers for all periods of geological time. 
The great transgressions of the Ordovician and the Permian, of the Cretaceous, 
Tertiary and other periods are hardly explicable without some such theory 
(Suess, 1904; p. 24; ScHUCHERT, 1932; UmBGrove, 1947; Moore, 1954; 
GiGNoux, 1955). Equally well, tectonic deformations of various types form an 
integral part of historical geology. Integration of the complex evidence becomes 
more and more difficult as one goes back in time. 
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Therefore we shall discuss the eustatic question in terms of Quaternary events, 
thus over the last half million years or so. 

It is now established that during the Quaternary the sea level has oscillated 
in a manner so rapidly and extreme as was never before observed in geological 
history. No doubt there were similar oscillations during the other two great 
“Ice Ages” the late pre-Cambrian and the Permo-Carboniferous; detailed 
information on such movements is lacking, although there is some suggestive 
evidence (WANLESS and SHEPARD, 1936). The problem of observing, mapping 
and dating even the Quaternary changes is nevertheless very great. 


Subdivision of the Quaternary 


Whereas the bulk of normal stratigraphic mapping concerns sedimentary 
phases, only periodically interrupted by erosional planes, Quaternary mapping 
involves an alternation of depositional and erosional episodes (GIGNOUX, 1955, 
p- 604 et seq.). In no one section is the story complete, and to trace one event 
to the next one must constantly transfer one’s attention from the continental 
interior to the outermost edge of the continental shelf, and back again. 

Several sequences of Quaternary events have thus been worked out: the 
classic PENCK and BRUCKNER (1909) sequence of Alpine valley glacial formations, 
the four Giinz—Mindel-Riss—Wiirm cold stages, matched in North America by 
the continental till sheets, the Nebraskan—Kansan-Illinioan—Wisconsin stages 
(of CHAMBERLAIN, 1895, 1896; ef al.).* But these cold phases are marked by 
continental deposits that are not easily interfingered in the correct order with 
the marine phases. During cold phases the shore-lines would have been mostly 
below present sea level and some (the younger ones) are now far out on the 
continental shelf. 


High Sea-level Stages 


It was only during the warm interglacial phases that the shore-lines advanced 
inland and can thus be conveniently studied. In relatively few places can one 
study the interrelationships between the glacial phase and the warm interglacial 
marine invasion, e.g. in the Mississippi Valley, in north-western Europe, in 
Tasmania. 

The first major attempts to map and classify the high sea-level phases, often 
preserved only as planes of marine erosion, were by the French geologists 
DePERET (1906, 1918, 1926) and DE LAMOTHE (1921); apparently equivalent 
interglacial episodes were recognized in North America (Cooke, 1930), but 
complications are introduced by lack of exact parallelism, in part due to the slow 
subsidence of the Atlantic Coastal Plain (see tide gauge data by MARMER, 1948). 

One of the most striking features of these high terraces is the apparent 
chronologic order of the steps; the older they are, the higher the elevation. 
Some observers have tried to explain this by progressive uplift, the continental 
flexure theory or some such adaptation, but their remarkable continuity speaks 
rather for a eustatic or at least a regional geodetic cause. ZEUNER (1945, 1958) 
pointed out that they appeared to fall on a straight curve if plotted against 
his interpretation of dates derived from Milankovitch solar radiation curve 
(Fig. 6). Such a straight line is not maintained if the levels are replotted against 


* In both Europe and North America, an earlier cold phase is now recognized: the Donau 
(I, II, III) and the pre-Nebraskan. 
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some other dating systems (Figs. 9, 10), but the esssential point was established, 
and it seemed that it would not be explained by glacio-eustasy alone. 

Mean altitudes for the high sea levels were established but not for the low, 
which of course are largely hidden. On our reconstructions of the Quaternary 
sea-level oscillations (Figs. 9 and 10), it is not difficult to match the high sea-level 
stands to the temperature scale of EMILIANI (1955a, 1958) but the low stands are 
more difficult. If eustatic oscillations for pre-Wisconsin stages are made approxi- 
mately of the same order (+ 100 m) corresponding to the temperature range 
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Fig. 6. Interglacial drop of sea level through the Pleistocene. Reproduced from 
ZEUNER (1945, Fig. 76), and based upon the Milankovitch chronology (solar radia- 
tion). The rate of lowering of this deglacial geoid thus calculated would amount to 
0-1 mm per year. ZEUNER (1945, p. 164) attributed it to the secular lowering of ocean 
basins such as the floor of the Pacific, as suggested by Darwin. He recognized that it 
was independent of glacio-eustatic oscillations. Modified chronologies of the 
Quaternary have not, as yet, altered the basic principle demonstrated, but suggest that 
instead of a straight-line curve the phenomenon (at least, in part) may be involved in 
a broad cyclic oscillation with a period of several million years. 


(and also the nearly identical ice advances), the low sea levels would never be 
so extreme as that of the Wisconsin. 

A calculation of the subsidence factor in Northern Holland and adjacent 
Germany (0:34 mm per year) derived from field data supplied by DECHEND 
(1954), suggests that the Elster (Mindel) eustatic minimum was — 11m. In 
studying the Nile Valley, a very stable region, BALL (1939) suggests that only 
the Mousterian and Siberian (early and late Wisconsin) dropped well below 
present sea level. Denizor (1949, 1951) places the pre-Tyrrhenian regression 
at only — 5m. 

Several authors in recent years have postulated far lower pre-Wisconsin sea 
levels. JOHNs (1934) put the early Quaternary level at 1000-2000 m below the 
present, as did (for a short time) SHEPARD (1948). WeRTH (1953) from coral 
reef observations suggested that the Giinz (Nebraskan) sea level was — 275 m, 
diminishing to — 50 m in the Wiirm. A diminishing oscillation of this sort was 
an integral part of the Lewis (1937) hypothesis of shore-line changes. Salinity 
problems in organic metabolism entirely rule out major (2000 m) glacio- 
eustatic oscillations. 


rAplgk 
Pig! VC 
= A 
a 
150 125 


Eustatic Changes in Sea Level 123 


it must be freely admitted that the precise correlation of Pleistocene high sea 
levels with definite interglacial phases is not yet universally agreed upon. 
Thus, for example, VALENTIN (1952, p. 89) offered a scheme that differs notably 
from that of Zeuner. His low sea levels are: Giinz — 20 m, Mindel — 90 m, 
Riss — 110m, and Wirm — 95m, his warm stages are as follows: Upper 
Pliocene + 100m, G/M + 60m, M/R + 30m, R/W + 15m, Mid-—Recent 
+ 6m. It may be seen that he also identifies a gradual diminution of the inter- 
glacial “highs,” correlated with a tectonic sinking of ocean basins, and gradually 
dying out toward the present. However, that curve is steeper than the observed 
diminution of the “highs” owing to sedimento-eustatic infilling of the basins 
(regarded by us as negligible for the short period of the Pleistocene). The 
exceptionally low figures offered for the Mindel and Riss are apparently based, 
at least in part, on the very misleading evidence obtained by Rope (1930) from 
the highly mobile Ben Lomond coast of California. He also believed the base- 
level of marine erosion to be about 90 or 100 m lower than a prevailing sea level, 
so that he would explain the inner shelf (““Oberschelf’’) by repeated subaerial 
erosion and the outer shelf (““Unterschelf’”?) by Douglas Johnson-type “‘wave- 
base” erosion, which today is a widely discredited theory. 

Yet another interesting correlation of Pleistocene high sea levels was that 
made by SprIGG (1952a,b) a rather forced “‘match” of seventeen peaks on the 
Milankovitch radiation curve with seventeen eolianite-beach ridges in South 
Australia. Subsequent work there suggests that a continuous sequence is not 
involved, but numerous oscillations, overlapping one another; there are also 
unresolved tectonic warping factors. 

The following idealized correlation of Pleistocene oscillation features is 
submitted : 


Mean Altitude 

in meters above 

or below present 
datum 


Glacial Interglacial 


Europe-North America 
(N. Germany) 


Europe-North America 
(terraces) 


Wirm Wisconsin 
(Weichsel) ca. — 100m 

Eemian Sangamon 
(Monastirian, (Pamlico/Chowan) 


Ouljian) 


18, 8,3 m 

Riss Illinoian (Saale) very low? — 55m 

Yarmouth 
(Surry/Wicomico/ 


Hoxnian or 


“Holstein” 55, 


Mindel Kansan 
(? Elster*) 


Giinz Nebraskan 
(Menapian) 

Donau “pre-Nebraskan” 
(Eburonian Pretiglian) 


(Milazzian/ 
Tyrrhenian) 


Cromerian 
(Sicilian) 


Tegelen 
(Calabrian) 


Sunderland) 


Aftonian 
(Coharie/Brandywine) 


Citronelle 


low? —5m 


+ 100, 80 m 

relatively high? 
+ 55m 

200, 130m 


* Recently WoLDsTEDT (1958) reported that the type Elster corresponds to Giinz. WoLp- 
STEDT (1953) also recommended a downward displacement in the correlations of Milazzian and 


Sicilian. 
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The fact that many of these planes are now warped and may intersect in the 
more tectonically active areas has caused some workers (FLINT, 1957; GiG- 
NoUX, 1955) to discount them almost altogether. Studies in more stable areas, 
however, confirms the basic sequence of events inferred, though the Sicilian- 
Calabrian relationships are still very confused (CASTANY and OTTMANN, 1957; 
GIGOUT, 1958). 

A rather crude picture is thus obtained of Quaternary sea-level oscillations. 
It seems to be fairly well established that the sea level during much of the 
Tertiary was higher than to-day, and in the late Pliocene may have been about 


200 m above the present (Fig. 5). 


Volume of Water-Ice Exchange 

The scene was thus set for the ice-age oscillations. These involved large- 
scale withdrawal of water and storage away from the sea on the polar land 
masses: North America—Greenland—Scandinavia—Antarctica, with smaller 
mountain glacial regions such as the Alps, and parts of Central Asia. 

The present volume of sea water is approximately 1370 x 10° km? but there 
is still a considerable amount of water locked up in the present-day continental 
ice caps and glaciers. For the Northern Hemisphere the area is estimated at 
somewhat over 2 x 10®km?, for the Southern Hemisphere 13 x 10° km? 
(PENCK, 1933; FLINT, 1957, p. 51), thus a total of 15 x 10®°km*. The question 
of mean ice thickness has long puzzled geophysicists, but recent seismic survey 
expeditions in Greenland, Queen Maud Land and elsewhere in Antarctica 
(notably by V. E. Fuchs, directly across the South Pole), have suggested that, 
while the floor is admittedly extremely uneven, the mean level is close to and 
even below present sea level, and thus a mean thickness of 2-3 km is in order. 
Using an intermediate figure of 2:5 km (to allow for marginal thinning, major 
ridges and shallow mountain glaciers) this would give a present ice volume of 
37-5 x 10®°km*. This is notably more than Penck’s estimate (1933) of 
22 x 10°km%, or Bauer’s figure of 21-74 x 10® km* (1955), or even a statistical 
average for all recent calculations of 24 x 10° km?® (FLINT, 1957). 

Since the area of ocean surface is 360 x 10° km*, a total melting of 37-5 x 
10® km of ice would cause a sea-level rise of 95 m (sea water being about 10 per 
cent denser than ice). Naturally isostatic readjustment would follow such an 
unloading, though with a certain time lag (of the order of 10,000 years longer 
than the ice melting). Probably the sea-level rise would be compensated by an 
oceanic crustal lowering marginal to rising continental areas (LAGRULA, 1950), 
perhaps in the order of 30-50 per cent. Further there would be a hypsometric 
factor, due to the fact that the rising sea would spill over enormous lowlands, 
greatly expanding the present ocean area. The final level of the ocean might 
perhaps be only about 50 m above the present datum. PENCK (1933) estimated 
a maximum rise of 55 m, with isostatic adjustment reducing the ultimate sea- 
level to only 20-30 m above the present. However, the additional water load 
uniformly distributed over the ocean floor would only be equivalent to a few 
milligals of acceleration in gravity. Since there is normally a small positive 
anomaly over the oceans, no general reaction is to be expected. 

Calculation of the Pleistocene maximum glacial build-up is even more 
difficult than for the present-day. The area of the last glaciation maximum has 
been determined at about 40 x 10° km?* (FLINT, 1957, p. 53); this would be 
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about 26 per cent of the present land area. RAMSAY (1931) gave the volume of 
ice as 55 x 10° km*, PENCK (1933, 1934) as 40 x 10° km3, and DALy (1934) as 
34 x 10®km*. If we accept Penck’s figure as an average, this would provide for 
a fall of sea level of 100 m, which corresponds to the maximum measured or 
suspected (on geomorphologic grounds) by UMBGROVE (1930) and many others. 
Approximately this same value (350 ft) was estimated more than a century ago 
by MACLAREN (1842). 

There are certain biological and geochemical consequences involved in 
removing or adding water to the ocean. If the present volume is 1370 x 10® km? 
and salinity is 3-516 per cent, a volume decrease of 40 x 10° km* would mean a 
salinity increase of 3-5 per cent during maximum glaciation and would bring 
the salinity to about 3-6 per cent, thus comparable with the southern Red Sea 
to-day. Total deglaciation would decrease it to about 3-4 per cent. What effects 
such changes would have on the metabolism of stenohaline marine organisms 
and their evolution would make an interesting study. It seems possible that the 
sudden changes of pelagic foraminifera from dextral to sinistral coiling, and 
back again, may be related to this sudden salinity change. In certain critical 
areas the salinity could also affect the precipitation of CaCO;. BROECKER, 
TUREKIAN and HEEZEN (1958) have already noted an approximately 50 per cent 
higher pelagic sedimentation rate during the cold periods, but this can also be 
related to increased circulation, increased rainfall and erosion, and other causes. 


Isostatic—Eustatic Relations 

An important problem is introduced by the isostatic reaction to ice-loading 
and to water-unloading, and in the interglacial periods, the opposite processes. 
DALy (1934, p. 119) has discussed these problems. He recognizes a rapid elastic 


deformation of the crust, and a prolonged plastic deformation. According to 
his “Punching Hypothesis” ice load would result in a small amount of elastic 
deformation immediately beneath the ice, relieved marginally by some bending, 
and some faulting (along well-recognized “hinge lines”). HOLTEDAHL’s marginal 
shelf fractures of Scandinavia and Labrador (1950) now seem to be found 
repeated off Antarctica. Secondly, plastic (lateral) displacement at great depth 
would slowly take up the cumulative vertical lowering. Daly also postulated a 
marginal “Bulge Hypothesis”, which might alternatively take up the plastic 
deformation at shallow depth. Crustal strength is opposed to this (third) view, 
and the eustatic shore-line data offer equally little support. 

On the basis of calculations by Woopwarp (1888), an ice cap the size of 
Antarctica would produce an elastic depression of 280 m at the centre and 70 m 
at the margins (DALY, 1934, p. 134). Since the recent seismic exploration 
evidence suggests a 2-3000 m depression at the centre, a considerable balance 
remains for deep-seated plastic accommodation. The presence of certain deep 
subcrustal inhomogeneities may be tested perhaps by modern earthquake 
seismology. 

A secondary factor concerning the isostatic—eustatic picture of a major ice 
cap is the gravitational attraction of this added mass. WoopDwarD (1888) has 
also calculated this; for a mass analogous to Antarctica, and superimposed on 
a rigid crust, the sea-level rise at the margin would be 146 m. It seems, however, 
that the isostatic crustal reaction to ice loading may be great enough to discount 
a little of this. 
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During the glacial build-up water will be removed generally from the ocean 
and thus a universal unloading of oceanic areas is involved. For the last 
(Wisconsin) cycle the maximum will be a 100 m layer of water, but owing to 
progressive build-up of Antarctica over the four or five glacial cycles of the 
Pleistocene the total removal may approach 200 m. With deglaciation reloading 


takes place. 
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Fig. 7. Eustatic-isostatic relationships. An idealized ice-loaded continent (cf. 
Antarctica) bounded by simatic oceanic crust is indicated. Mean ice loading (1 km 
thick), depresses crust 330 m (Cd), the area of which may spread to include a small 
marginal trough (Mr). Cd (crustal displacement) must be taken up by e (elastic 
compression) beneath the loaded area, and/or HT (horizontal transfer) in deep-seated 
layers. Possible horizontal transfer and upward reaction to form a positive (vertical) 
marginal displacement (Md) is not proven. 
Sea-level E/ is lowered glacio-eustatically to E2, but may rise after a time-lag (for 
mass transfer at depth, Md) to E3. Isostatic unloading of ocean area by water removal 
during transfer El to £2 will contribute to height of E3. The reverse may be 
expected during deglaciation, when for a deglacial eustatic rise of 100m a mean 
oceanic crustal lowering of 33 m is suggested. 


The interaction of isostasy and eustasy can best be seen diagrammatically 
(Fig. 7). 


1. Isostatic reaction to ice loading. 
I = Ice, continental, maximum. . . 40 x 10° km*; Mean thickness | km, 
maximum 3 km. (Dimensions are only to illustrate the model.) 

C = Crust, d = displacement beneath glaciated areas. 

Volume of Cd = J x 4 = 13 x 10% km?. 

Vertical distance of Cd = 330 m (mean), | km (maximum). 

Cd must be taken up in three ways: 

(a) Elastic compression in situ: not possible for this load in view of the elastic 
constants of either continental crust or mantle. 

(b) Mass lateral transfer at depth unknown, to form marginal displacement 
(“Md”), a vertical upwards crustal bulge peripheral to continental ice limits. 

(c) Mass (downward) vertical transfer and/or elastic compression (“‘e’’), in 
Earth’s interior, beneath crust and mantle, resulting in no local crustal reaction, 
and either diffusion (horizontal transfer ‘“‘HT”’) in inner or core regions, or 
density inhomogeneities: there is some evidence for the latter. 


2. Eustatic reaction to water removal. Assuming Md = zero, the water 
removed from the ocean to form I will amount to 40 x 10® km? less 10 per cent 
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(sea water is 10 per cent denser than ice) = 36 x 10°km*. This will be distri- 
buted over 360 x 10° km? (the present area of oceans), resulting in a eustatic 
sea-level fall of 100m (£, — E, = 100m). However, these figures would 
exclude those parts of Antarctica and Greenland that have not yet melted; a 
total world ice volume at the glacial maximum would be between 70 and 
80 x 10° km’. 


3. Isostatic reaction to water loading. Oceanic (simatic) crust might react to 
glaciation by rising in response to removal of 100 m of water, but this would 
be equivalent to a load of only a few milligals. 


4. Time factors. There would be an oceanic unloading for glacial maxima 
(duration of average culmination 10,000 years; total duration of Wiirm 
glaciation, approximately 50,000 years). The converse, interglacial, or re-loading 
stages would also approximate 50,000 years each. Calculations of simatic 
crustal reaction to such loading and unloading might prove interesting, but of 
course involve assumptions on the strength of that crust, the underlying mantle 
and inner layers of the Earth, which involve considerable speculation. 

The reaction rate of Scandinavia to ice loading and unloading provides 
something of a model: while total deglaciation took about 8000 years, one- 
half of the total rebound was accomplished in that time, and an approach to 
complete adjustment may take 20,000 to 30,000 years (the “‘isokinetic principle” 
of WRIGHT, 1937). With glacials and interglacials lasting about 50,000 years 
each, it seems probable that a large measure of crustal adjustment was established 
with each oscillation. 

Calculations on the isostatic reaction of Scandinavia have heretofore been 
based on the stratigraphic-geomorphologic data of elevated shore platforms and 
raised beaches. A eustatic factor was calculated, that differed with every 
observer. A new approach is now possible. The principal raised beach systems 
of Scandinavia had been dated by varve-counting methods and correlated by 
varied methods, regular stratigraphy and geomorphology, pollen dating, 
diatom paleontology, etc. The apparent eustatic derivative seemed to match 
the evidence from stable regions. From field evidence worked out initially in 
the stable parts of the Indian Ocean and the Pacific, TEICHERT and FAIRBRIDGE 
(1953) submitted an absolute dating of sea levels that are so universal as to be 
undeniably eustatic and not tectonic in character. This long-distance correlation 
has now been completely confirmed by radio-carbon dating (Fig. 15). Further- 
more, very many details in the curve are now recorded (FAIRBRIDGE, 1958). 

For the first time now, an absolute eustatic curve exists which can be applied 
to the Scandinavian raised beaches (Fig. 8). Asa trial treatment, two well-known 
sequences were selected, one in the Oslo Fjord in Norway and the other at 
Helsinki in Finland. When the corrections for eustatic oscillations are added 
to the curves and the raised beaches plotted against the radiocarbon based 
time scale, the resultant curves are almost straight, flattening out toward the 
present. In the Helsinki curve, this is very gentle, but in the Oslo curve the 
flattening is most abrupt. In the case of southern Finland it is apparent that 
isostatic reaction has been dying out quite gradually and the rate over the last 
6000 years is only 5mm per year. In Oslo Fjord the picture is strikingly 
different. The isostatic rise in the early and mid-Recent was extremely fast, 
dropping from 35 to 25 mm per year, but flattened abruptly to about the Helsinki 
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Oslo Terraces : 
after Byen, 1910) 
Modified theory (Hofsten 1957) 
Helsinki Terraces: 
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Fig. 8. Scandinavian isostatic reaction. The Eustatic curve, derived from rather 
stable areas and dated by radiocarbon, is plotted against raised beach elevation data 
from Oslo Fjord and Helsinki. Dates of raised beaches are not all precisely known, 
but are here correlated with known sea-level maxima, and in many cases are con- 
firmed by varve-dating and pollen stratigraphy. Note that the correction to the 
isostatic curves for the (peak) eustatic factors slightly steepens the earlier parts of the 
curves, but does alter their essential shape. However, an extraordinary flattening 
of the Oslo Fjord curve about 2500 B.P. suggests the sudden inactivation of an 
important hinge-zone (? major fracture belt); this curve, based on the work of OYEN 
(1910) is displaced to the left by HAFSTEN (1957), but still remains without radiocarbon 
confirmation. 
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rate after 2500 B.P., suggesting that the major uplift was completed at that 
time. 

In Scotland, a minor glaciated area, HAFEMANN (1955) indicates that the 
main isostatic reaction finished about 1900 B.P., but the tide gauge indications 
(VALENTIN, 1952) suggest that here too a very slow rise is still in progress. 

It is interesting that when the isobases for any particular shoreline of the last 
6000 years are plotted, no hinge lines appear; that is to say, a simple up- 
doming is taking place, without fracture zones where the uplift curve would be 
greatly steepened. Such hinge-lines are particularly striking in the earlier stages 
of the isostatic “‘rebound’’. For example, the Yoldia (10,000-9000 B.P.) 
beaches show isobases with no less than four step-like hinges across southeastern 
Finland (SAURAMO, 1942, 1955). North America shows similar hinge-lines 
(LouGEE, 1951, 1953; DE GEER, 1954). 

‘The several thousand year delay in the “rebound” shows that this movement 
is not an elastic release, but a secular plastic reaction. Sauramo speaks also of 
a “wandering plastic peripheral bulge,” a downsagging of the periphery that 
accompanied the uparching of the interior and taking the last Yoldia beach to 
— 40 m in the Gulf of Finland; of this only 15 m is the eustatic fraction. The 
downsagging was almost completed by about 8000 B.P., which shows that this 
was an extremely rapid adjustment. In the south-east, even the Littorina sea levels 
plunge beneath present sea level near Leningrad (HyyppA, 1937), although the 
normal eustatic elevation of these beaches was actually 2 to 3 m above datum. 

The earlier rates of uplift in central Finland were much faster than the latest; 
thus, the Rhabdonema (Echineis) Sea, the culmination of the Yoldia sequence 
at 8600 B.P., has averaged 26 mm per year over this whole period, and in the 
early stages exceeded 35 mm per year (DONNER, 1957). However, some of the 
rates determined for short periods include the eustatic fraction for certain 
regressions which may give a rate for the relative displacement of shoreline that 
is really phenomenal: e.g. the Ancylus regression (“‘Saimaa Lake’’) in central 
Finland shows a negative shore-line displacement of 75 mm per year according 
to our modified curves. One may note that Sauramo’s assumptions on the 
absolute eustatic factors are based on AUER’s work from Patagonia (1958), 
which are greatly in excess of those determined in our “stable areas”’. 

The Scandinavian workers have long recognized that there were eustatic 
factors to be dissected from the isostatic, notably by TANNER (1930), HyyppA 
(1932, 1937), SAURAMO (1939, 1955), FLORIN (1944, 1948) and DONNER (1952, 
1957). However, some observers, e.g. VON Post (1938) believed that there were 
several negative epeirogenic oscillations which modified the eustatic—isostatic 
picture in western Sweden. 

It should also be noted that some workers in Scandinavia have not been able 
to identify the eustatic oscillations. Thus recently HAFSTEN (1957) recently 
submitted a dating of the emerged littoral formations of the Oslo Fjord which 
differs notably from that of OyeEN (1910). His deposits are polien-dated but his 
correlations with the raised beaches are open to question (Fig. 8). 

The assumption by some geophysicists that each raised beach in Scandinavia 
marks an epeirogenic pause or minor oscillation is absolutely at variance with 
the eustatic data, which, as Fig. 8 shows, seem to call for an almost continuous 
response to glacial unloading. The mildly positive epeirogenic character of any 
nuclear shield area such as Fennoscandia over billion-year periods is undoubted 
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but the rates of uplift in the non-glacial shields is far below those of Scan- 
dinavia. Some confusion has been caused by the lack of the eustatic “‘yard- 
stick”. Thus, DE SITTER (1956) write recently “the rise has been recorded by 
raised erosion terraces on the coast of Norway, i.e. each terrace represents a 
pause in the upheaval process, and we possess no method to evaluate the relative 
length of time of the pauses and the active phases of this process. Hence the 
velocity of the upwarping remains unknown and consequently the calculated 
viscosity is a maximum.” Here, then is a field where corrective measures can 
now be taken. 

The question of the peripheral downwarp referred to above, and discussed 
by SAURAMO (1955) and others is much less easily resolved owing to submer- 
gence of the principal data. From south-east Finland the Littorina terraces 
drop beneath sea level at Leningrad. To the south, in Poland the Littorina 
terraces are found undulating at all sorts of levels (Rosa, 1957). In the Nether- 
lands, an extreme marginal area, there is also differential warping. 

VENING MEINESZ (1954) interprets the depression of the Netherlands in part 
to be a result of mass transfer at subcrustal depth to support the isostatic rise of 
Fennoscandia; the latter is now two-thirds adjusted and the Netherlands has, 
he calculates, another 3-5 m of subsidence (by A.D. 6800) when slow emergence 
will set in. 

A similar interpretation can be given to a belt of depressions that ring Scan- 
dinavia from the Gulf of Finland, the southern Baltic, and the North Sea. 
However, one may doubt very much if this ring of local basins is in fact directly 
related to glacial isostatic rebound, since all were well-established as subsiding 
parageosynclinal basins millions of years before the Pleistocene began. In 
North America there are some similar depressions, but only in such places as 
negative (sedimentary) basins existed already (FLINT, 1957); where the Wiscon- 
sin Ice overlapped the nothern Appalachians (a diastrophically mildly positive 
region) there is a no trace of a marginal downwarp either during or since the ice 
retreat. 

The eustatic data therefore offer great assistance in working out the timing 
of post-glacial isostatic uplift. However, they appear to modify certain 
cherished notions of peripheral downwarps, either during glaciation or subse- 
quent to the ice retreat. The tentative conclusion drawn is that the source of 
the plastic material needed to transfer and support the isostatic uplifts must not 
be sought on a local or peripheral basis. 


Quaternary Eustatic Curves 


Judging from the fact that each of the four or five major glacial phases seemed 
to advance a little further than the one before, the last (Wiirm or Wisconsin) 
may have been the greatest; however, the regions of continental ice spreading 
varied somewhat from stage to stage, and the earliest till sheets have not 
been completely covered by the later, so there do not seem to have been 
volume differences of very great order from one climax to the next. If we assume 
that each was within 5 per cent of the preceding, we may establish something of 
the order of magnitude. However, if we accept EMILIANI’s curve (1955), based 
on temperatures of the Pleistocene inferred from oxygen isotope studies of 
deep-sea foraminifera, it would appear that the last (Wisconsin) glacial was 
somewhat longer but not colder than the preceding. 
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These data permit the construction of a simplified curve of sea-level oscillations 
from the Quaternary (Fig. 9). Such a curve is now presented on the basis of 
these assumptions, supplemented by a number of modifying features. For 
example, each of the glacial stages appears to have had at least a double climatic 
phase. The geological evidence (especially in northern Europe) suggests this and 
the meteorological theory supports it. 

The curve by EMILIANI (1955), referred to above, is an attempt to determine 
mean tropical ocean temperature variations during the Quaternary by deter- 
mining the oxygen isotope ratios of pelagic foraminifera, now preserved in 
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Fig. 9. Quaternary eustatic oscillations, adjusted to Emiliani curve (of 1955, 

modified 1957). The latter is based on oxygen isotope determinations and assumes 

a uniform sedimentation rate in pelagic foraminiferal oozes. Note that a curve 

drawn through the peaks of interglacial eustatic oscillations approaches a “‘deglacial 

geoid,” which appears to be part of a long-period cyclic trend, rather than the 
straight-line curve suggested by Zeuner (Fig. 6). 


deep-sea “‘Globigerina Ooze”. The resultant curve has been controlled by 
Carbon 14 dates back to 30,000 years B.P. Beyond that the dates are extra- 
polated. Recent dates by DE Vrigs (1958) seem to indicate the early Wiirm 
to have been more than 50,000 B.P., supporting Emiliani’s curve a little farther 
back. 

One observes that a first order curve drawn over the crests of the interglacial 
high sea levels (recorded geomorphically by terrace formations) suggests an 
indication of a DEGLACIAL GEOID; that is to say the location of the geoid 
assuming a melting of most glacial ice. A progressive downward swing is noted 
since the end of the Tertiary, and this is not explained by the warmer mean 
temperature during the Tertiary, since the mean temperature curve of the 
Quaternary is horizontal while the “deglacial geoid” continues downward. 
This can only be explained by a eustatic lowering controlled by the tectonic 
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shape of the ocean basins, or polar shift, e.g. as evidenced by the drowned 
seamounts of the Pacific. 

If the correlation of the terrace levels and absolute dating is correct, then a 
flattening of the “‘deglacial geoid” must have occurred about 30,000 years ago 
and may currently be rising. No outside evidence of this is at present recognized. 
There is merely the suggestion of a first order crustal oscillation of unknown 
period (but of the order of a million years or so). 

One may notice that while Emiliani’s mean temperature curve of the Pleisto- 
cene is essentially horizontal, and Woldstedt’s curve (Fig. 5) shows only a slight 
lowering of the peaks, paleontological evidence suggests some secondary long 
period oscillations. BADEN-POWELL (1953) pointed out that while the Astian 
(late Pliocene) and Tyrrhenian were “warm” for a given latitude, the Calabrian, 
Sicilian and Monastirian are relatively “cool”. Again the evidence is opposed 
to progressive cooling to match the progressive lowering of the “deglacial 
geoid”’. 

The original extrapolation procedure by EMILIANI (1955) provided a simple 
scale for the whole Pleistocene, but assumed a constant average rate of sedi- 
mentation for the whole epoch. Ericson and WOLLIN (1956) showed that in 
the cold phases both carbonate and clay accumulated faster than in the warm 
phases. ELMENDORF and HEEZEN (1957) determined that after an initial drop 
near the surface the density of the sediment does not vary more than 10 per cent 
from top to bottom of a 10m deep sea core, so that no special allowances 
should be made for compaction of the older sediment in the abyssal Pleistocene. 
With some additional dates in the extended range of C-14, DE Vries (1957) has 
suggested an approximately 25 per cent reduction of Emiliani’s dates; however, 
his correlation of these dates with the temperature curve is suspect, and his newer 
data (1958) tends to support the Emiliani curve. 

BROECKER, TUREKIANand HEEZEN (1958), employing the variable sedimentation 
rate data, extend the Emiliani time scale approximately 50 per cent. They suggest 
therefore that the Sangamon (R/W) interglacial may have begun 150,000 years 
ago (100,000 years according to Emiliani; 75,000 years according to de Vries.) 
It is demonstrated that sedimentation of carbonate is twice as fast during the 
cold phase as the warm, and clay four times. A redrafting of the Quaternary 
eustatic curve based on these assumptions (Fig. 10) gives a picture which is 
extended, but not fundamentally different from the one based on the earliest 
Emiliani curve (Fig. 9). 

Several other factors have been introduced in the second approximation of 
the Quaternary eustatic curve (Fig. 10). The positive peaks are rather well 
established in the North Atlantic region. In truth, a curve drawn across these 
peaks corresponds to an INTERGLACIAL GEOID, and may not be an accurate 
picture of the Deglacial Geoid. It has been suggested that since the maximal 
ice caps were extensive and thick, complete melting did not occur at each 
interglacial, especially in Antarctica which is symmetrically located about the 
pole. In this way the deglacial geoid would diverge gradually from the inter- 
glacial, to reach a point at least 50 m above present sea level to-day (allowing 
for isostatic adjustment). 

There is also the question of the absolute amplitude of each eustatic swing. 
Little is known of low sea levels prior to the Riss—Illinoian. The progressively 
lowered interglacial geoid, together with progressive increases in the size of 
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Fig. 10. Quaternary eustatic oscillations, adjusted to extended time-scale (after 
Emiliani, modified from data by BROECKER, TUREKIAN and HEEkZEN, 1958). 
Assuming a mean sedimentation rate for the glacial periods to be 50 per cent higher 
than for interglacials, the length of the latter must be extended by that factor. Certain 
coincidences of this new curve with the Milankovitch solar radiation curve are 
obvious (see bottom curve). Two additional assumptions are illustrated: if the Ant- 
arctic ice cap did not melt completely during each interglacial, then a curve drawn 
over the eustatic interglacial maxima represents an interglacial geoid, while the 
deglacial geoid progressively rises as the Antarctic mass expands. Secondly: the 
progressive build-up of Antarctica would favour systematically larger ice caps else- 
where, increasing the amplitude of the glacio-eustatic curve. 


remanent ice caps during interglacials, probably resulted in cumulative climatic 
factors. In this case the amplitude of cach negative eustatic oscillation must 
have increased throughout the Pleistocene. 


Solar Radiation and Climatic Control 


SimPSON (1937) submitted that a rise of solar radiation causes an increase in 
temperature, paralleled by precipitation. The latter means increased snowfall 
initially and thus glacial advance, but as the solar radiation rises a critical point 
would be reached, followed by melting; a second glacial peak would match 
the subsequent downward swing of solar radiation. Simpson explained the 
Pleistocene climate oscillations with two solar radiation peaks. WILLETT (1949) 
and BELL (1953), however, suggest four peaks, each leading to secondary 
oscillations within each glacial phase. Comparison between the curves of Bell 
(solar radiation) and EMILIANI (1955, oxygen isotope temperatures) shows 
several points in common. 

Some support for the Simpson principle (as modified by Willett and Bell) 
may perhaps be seen in the fact that in the Wiirm/Wisconsin stage, Emiliani’s 
temperature peak occurred about 20,000—25,000 years B.P., but glacial advances 
continued to spread out from the continental ice caps to reach a maximum 
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about 17,000 B.P. There was thus a considerable time-lag between the warming 
of the ocean and the melting of the continental ice. Basically this is simply 
the retardation principle postulated nearly a century ago by Croll (ZEUNER, 
1945), and an integral part of modern “‘ice-age”’ theory. 

The oxygen isotope data provide the strongest objection to the Simpson 
principle. They suggest that the tropical ocean waters were 5-10°C colder 
during glacial periods than during interglacials. This is hardly conceivable 
under any concept of increased solar radiation during the glacial maxima. 
Furthermore there is evidence from high mountain areas in the tropics, the 
Andes, Central Africa, New Guinea, of cycles of mountain glaciation, that 
have now disappeared. The conclusion is therefore decidedly against the 
Simpson-Willett-Bell interpretations of radiation-meteorology (Opik, 1953, 
1958, and others). 

The deglaciated tropical mountains of to-day are also serious evidence against 
the orogenic-topographic theory of ice-ages, which argues that glaciation should 
be correlated with certain “‘geocratic” periods in earth history when the orogenic 
events reach revolutionary, paroxysmal proportions often marked by vulcanism. 
Mountains become so high and so widespread that they set up meteorological 
patterns leading to glaciation. Eustatic movements would be negative, as 
basins deepened and mountains rose, and these would amplify the geocratic 
tendency. All this is true but probably inadequate. 

This topographic hypothesis as a cause of ice ages is the “‘Eustatic theory” as 
visualized by ZEUNER (1945). It is something of a deus ex machina, since it is 
generally accepted that ice ages cause major eustatic oscillations but not that 
eustatic fall of sea level is the cause of an ice age. Actually the 100-200 m 
involved would not have much appreciable effect on the mean topography of a 
continent. 

Correlation of Quaternary eustatic oscillations with single or simple geo- 
physical controls is therefore not possible. In a recent survey EMILIANI and 
Geiss (1957) have presented an integration of data, which constitutes a radiation— 
topographic-meteorologic theory of ice ages. The role of radiation has 
undoubtedly been overstated or oversimplified (Opik, 1953, 1958), but this is 
not to say it should be ignored. None of the other admittedly contributory 
factors seems adequate, either singly or in combination. In a nutsehell, the 
integrated approach argues that solar radiation variations (known and predic- 
table), coinciding with geocratic phases of earth history in which elevated land 
masses happen to be located in high latitudes, lead to meteorologic events which 
are cumulative and oscillatory, resulting in glaciation sequences. Only such 
an integrated theory approaches an explanation of the eustatic-climatic data 
presented here. 

The limited support to the Simpson principle suggested above (by the double 
maxima of each glacial stage) does not imply adherence to the idea that cold 
phases correspond to solar radiation maxima. It could be that in the critical 
cool temperate belts (about 65°) the radiation maximum would lead to a warm 
dry phase; beginning of the low radiation would bring cold wet (snow), the 
middle would be cold dry (cool interstatial), the end cold wet (snow plus 
retardation); the final eustatic transition to the next radiation “high” would 
then be greatly accelerated. As WuNpT (1950) pointed out, it is not simply a 
question of ‘“‘mild winters—more snow,” but a case of increased zonal activity 
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a to increased snow fall, essentially a transition stage phenomenon 
Fig. 4). 

EwING and DOoNN (1956, 1958) postulate that polar wandering would be 
adequate to initiate an ice age sequence, under an essentially topographic- 
meteorologic control, and claim that cold phases would be times of intense 
pluvial activity. There are acceptable facets to the theory, but the Ewing and 
Donn suggestions about Antarctica are difficult to substantiate: they would 
have us believe that this ice-sheet would expand during the interglacials and 
shrink during the glacials. But the eustatic evidence requires water removal 
from the ocean on a vast scale during the cold periods (or at least at some 
stages of the cool interval), and the volume removed in the Northern Hemisphere 
would not appear to be adequate to account for the water budget concerned. 

If we allow a nominal figure of 30 x 10°km?® of ice for Antarctica, the 
evidence of deglaciated valley walls over 1200 m high in Victoria Land suggests 
that at least another 10 x 10® km? of ice was incorporated in the ice cap at some 
former stage. Could this be during the “Climatic Optimum” (about 5000 B.P.), 
as Ewing and Donn imply? We know that the eustatic sea level rose just 3 m 
at that time. But 10 x 10° km? of ice added to Antarctica at this stage would 
lower sea level by 25 m. 

In determining Antarctic versus Northern Hemisphere ice economies certain 
contrasts should be noted. It seems likely that the Antarctic and Greenland ice 
caps are (and were) quite similar, that is to say pan-shaped depressions, 
surrounded by mountainous rims, additional filling of which would be limited 
to about 25 per cent of the present total. In contrast, the Pleistocene continental 
and mountain glaciation of Canada, Scandinavia, and Rocky Mountains, the 
Alps and Central Asia would be essentially sheet and tongue-like. The sheets 
would attenuate radially as is shown by unglaciated mountain tops in peripheral 
areas; in the former marginal areas to-day there is no longer any deformation 
of the geoid (FISHER, 1959). Evidence of the former ice thickness and load is 
also derived from compaction of soft sediments buried by the ice sheet; over 
broad marginal areas it may not have exceeded 100 m (VieTE, 1957). According 
to HARRISON (1958), however, the Wisconsin ice exceeded 500 m only 35 km 
from the ice front, but extrapolation from there on backwards suggests progres- 
sive thickening on a very low gradient. Thus it is here that the sheet type of 
ice would have melted far more rapidly during warm phases (much of it was also 
in more temperate latitudes as well), and thus Northern Hemisphere events 
would control world-wide sea-level changes. But this does not imply that the 
great Antarctic ice cap would have been undernourished during the cold 
phases; its bordering seas were always open, and even with an amplified polar 
anticyclone, deglaciation during a cold phase can hardly be envisaged. An 
equilibrium state seems much more probable (BUDEL, 1951; WoLDsTEDT, 1944b). 

The question of a correlation of glacial events with known factors of solar 
radiation is still often disputed. The Milankovitch curve (in its latest modifica- 
tion by VAN WoeRKOM, 1953) has been plotted (Fig. 10, bottom line). One may 
note that the plot for 65° N (agreed as the most sensitive climatic belt) indicates 
radiation oscillations expressed as latitude equivalents; 70° N is colder and 
60° N is warmer. Cold peaks on the Milankovitch radiation curve appear to 
match cold peaks on the tropical water temperature and eustatic curves for the 
Last Glaciation (Wiirm—Wisconsin), and surprisingly enough they are almost 
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in perfect phase for the two preceding glaciations. The Last Glaciation is, 
however, the only well-dated stage, so that the data can only be considered 
as suggestive at the present time. 

Although an exact match with the modified Milankovitch curve of solar 
radiation (VAN WOERKOM, 1953) is not seen in the oscillations of secondary 
and tertiary order, one might perhaps attempt to recognize a 41,000 year 
component, to correspond to the obliquity of the Earth’s ecliptic. The four 
glacial climaxes appear to span 260,000 years, and the average periodicty is 
thus 82,000 or double the ecliptic period. There are two or three tertiary peaks 
within each of these glacial stages, which are already recognized from the 
geological evidence. 

Several writers have claimed that, although the principle of solar radiation 
may be essentially sound as a cause of glaciation, the elegant mathematic 
construction of Milankovitch is quantitatively inadequate. Oprk (1953) submits 
that long period climatic variations in solar luminosity to be expected in a major 
star, would be necessary to provide appropriate insolation changes. 

A study of the eustatic oscillations of the last 10,000 years, which is really the 
only period with anything approaching an accurately based chronologic 
approximation, shows that there are multiple minor cycles superimposed upon 
the larger, as suggested long ago by BARRELL (1915). Some indications of their 
existence is already known from the varve measurements, tree rings, and pollen 
chronologies. Some short-term climatic cycles are well known, such as the 
11-year sunspot cycle, which is nicely reflected by rainfall figures, sea-level 
oscillations, tree-rings and varves. Possibly 5- and 7-year cycles exist and har- 
monics build up to the longer cycles. 

Then short-term oscillations, detectable by present-day climatologic methods, 
are likely to be superimposed harmonically on the intermediate astronomic 
cycles, such as the declination and proximity of the Earth to the Sun and the 
Moon, which may also have significant climatic and eustatic reactions. GILLETTE 
(1938) believed he could identify a 567-year climatic cycle of this origin, expressed 
in sedimentary stratification. PEARSON (1901) had already recognized eustatic 
oscillations from historical records in a cycle of the order of 570 years; and 
LunpovisT (1932) correlated the same cycle with the rhythmic development of 
GRANLUND’s five peat “‘recurrence”’ phases (1932) in Scandinavia. There is also 
a magnetic declination cycle of one-third of this period (189 years) which also 
has a climatic reaction. 

GILLETTE (1938) points out that the third harmonic of this cycle gives a 
1600-1700 year period, which has also been noticed by other workers, especially 
PETTERSSON (1914) who calculated, from astronomic data, the following maxima 
(reduced here to years “B.P.”, from 1950, in order to simplify reference to 
eustatic curves and radiocarbon dates), with intermediate periods given in 


parenthesis. 


The following theoretical minima were determined: 


Pettersson postulated that this cycle set up a giant “‘tide-generating force”, 
which would help to break up boreal sea ice and stimulate oceanic circulation 


thus warming polar regions. 
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It is claimed by Gillette that 3 x 1701 gives a 5103 year cycle, and 5 x 5103 
a 25,515 cycle but these are beyond our range. He also observed that the year 
A.D. 1137 (810 B.P.) seems to be the common year for most of these cycles, 
including the maximum magnetic declination. If this datum is set against our 
radiocarbon dated eustatic curve (Fig. 15), some striking coincidences are 
observed. Comparison may also be made with the dating of the minor ice 
advances in Alaska, the “Little Ice Ages’ of Matthes, and the meteorologic 
cycles (BRooKs, 1949). However, apart from concluding that the Recent 
eustatic cycles seem to show the possibility of mathematic treatment in terms 
of astronomic cycles, the quality and quantity of the eustatic data is still not 
sufficient to justify accurate analysis. 


DATING LATE QUATERNARY EVENTS 


Just as the Quaternary Period as a whole is better known as regards sea-level 
changes than any earlier, so the late Quaternary is very much better known than 
the early and middle Quaternary. This is more than any other factor due to 
the application of carbon-14 dating to the last events. With a half-life of 
about 5600 years, sensitive technology now permits carbon-14 dating back to 
75,000 years. 

The present writer has made a special study also of late Quaternary geo- 
morphic evidence of sea-level changes; a mutual correlation of these data sheds 
light on a remarkable number of fundamental geological, geochemical and 
geophysical processes. 

Up till recently much of the radiocarbon dating has been directed towards 
archeologic ends, or to the solution of geologic questions far removed from 
sea-level problems. Thus an extremely small proportion of the dates available 
are applicable to this research. Nevertheless enough milestones have now been 
established, in order to present a first approximation of the sea-level oscillations 
of the last 15,000 years. Earlier than that the data are still too sparse for any 
great precision. 

In most cases the dated material is in the form of CaCO, shells or corals, 
either found lying in a “raised beach” or actually grown in situ in a now emerged 
and dead reef. In a few cases, the material has been in the form of peat or 
fossil wood, generally found buried below present sea level. Carbon-14 isotope 
workers have, until recently, preferred to work on this woody (carbon) material 
rather than CaCO, shells, but it is now considered satisfactory to use shell 
material, provided that certain precautions are exercised. 

Two of the most urgent needs of Quaternary marine geology are: 

1. A world-wide programme of sampling dateable carbon-14 specimens. 

2. Specific methods for selecting locations and collecting the material. 

The objects of such a dating programme are multiple: first, the whole 
sciences of historical geomorphology and late Quaternary stratigraphy urgently 
require a time scale, since both land-form and paleontological evolution 
during this short span are far too slow to leave a clear record of sequential 
significance. 

Secondly, since for geologists the Lyellian philosophy that the present is the 
key to the past is one of the fundamental tenets, it is highy desirable to study 
such contemporary processes as sedimentation and erosion. Accurate rates can 
only be obtained with aid of radiocarbon dating. 


VOL. 
4 
1067 


138 Ruopes W. FAIRBRIDGE 


Thirdly, for climatologists it is most important to know the manner and rates 
of sea-level oscillation in relation to climatic changes. A possible relationship 
between climate and ice-melting and volume of sea water has already been 
indicated by other avenues of Quaternary research. 

Fourthly, for historians, archeologists, and anthropologists, it is most valuable 
to learn of sea-level changes that have affected the life, habits, and migrations 
of Man. 


Inherent Problems 


At the outset, it should be stressed that there are relatively few existing data 
on late Quaternary shore-lines changes because up till recently very few geo- 
morphologists or sedimentologists have interested themselves in the very 
lowest (youngest) marine terraces and the youngest marine deposits. There are 
four reasons for this: 

1. The lowest terraces may come within the range of present-day tides and 
may be in the process of destruction to such an extent that they may be very 
difficult to recognize. Older and higher terraces of the early or middle Pleistocene 
appear to have developed over much longer periods of relative eustatic still- 
stand, and accordingly are more striking geomorphic features. 

2. The lowest terraces are frequently obscured by beaches, beachridges, and 
youthful dunes. As a newly initiated coastline matures, it tends to approach a 
condition of stability, whereby a transition occurs from a rocky (or bench- 
forming) coast to a sandy (beach-forming) coast. Owing to change of seasons 
through the year, certain terraces may become uncovered for only a short while 
and then be buried once more. In latitudes where calcareous beach-rock 
commonly forms, it is not unusual to see an accretion of lithified beach-sand or 
beach-conglomerate superimposed on an old raised beach deposit. Great care 
is needed to select and clean the samples of the older shell material from 
contamination by younger carbonate cements and shell debris. 

3. There has been a certain school of geomorphologists who refused to believe 
that the contemporary terrace tends toward horizontality at about low tide 
level. Traces of terrace levels approaching high tide limits were attributed to 
storm waves. Carbon-14 dating of a few selected “‘storm-wave platforms” and 
raised beaches has already shown that they are not contemporary features 
and are several thousand years old at least. 

4. There are also drowned terraces, now hidden beneath the waters of the 
continental shelf. Echo-sounding, modern dredging, and aqualung (“‘sCUBA”’) 
diving are bringing these within the range of geological exploration and sampling. 
Boring for water and oil beneath coastal plains is bringing up sample material 
otherwise inaccessible. 

There are a number of other inherent problems in the search for ideal locations 
of dateable shoreline material. The first of these problems is the widespread 
occurrence of tectonically unstable coastlines, which throw doubt on to the 
absolute elevations measured, even though the continuity and regularity of the 
emerged shore features may be strongly suggestive of eustatic origin. 

In order to obtain the desired absolute figures, all coastlines on or near 
former glaciated areas should be avoided for fear of interference by isostatic 
rebound phenomena. In this way, most of North America north of the latitude 
of New York City may be suspect. Northern Europe, including Scotland, 
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must be similarly treated with great caution. Countries of great seismicity and 
voleanicity also present undesirable features of crustal activity, for example, 
Japan, New Zealand, the East Indies, parts of the Mediterranean, and the western 
shores of the Americas. However, it is possible in these regions to use local 
knowledge in selecting non-active sectors that may be useful. Clearly, if the 
older terraces are still horizontal over long distances, the younger ones cannot 
have been warped. In some cases it is noted that the younger, horizontal 
terraces truncate the undulating pattern of the older (see NAKANO, 1954). 

Yet another factor of instability can be seen in the great deltas, where com- 
paction of water-saturated muds must inevitably play a great role; but how 
much and when is not yet clear. This form of subsidence is additional to any 
regional (tectonic) subsidence which also often coincides with deltas. Data 
from the Mississippi, the Rhine, the Nile, and other great deltas are now 
available in great quantity, but at present are difficult to interpret, owing to the 
unsolved problems of differential subsidence and other questions of primary 
water depth, etc. In the case of the Rhine, WoLpstepT (1952, 1954) and 
BROUWER (1956) have illustrated progressive tilting to seaward, and this is 
proven to be even more marked in the delta of the Mississippi, where oil drilling 
shows the base of the Pleistocene to be strongly downwarped. Fisk (1956) has 
indicated that, in the Mississippi Delta, contemporary silty muds contain water 
to 50 per cent of their weight; this will be reduced to 40 per cent weight at a 
burial depth of 24 metres. In terms of volume, this means from about 70 per 
cent as pore space occupied by water, there is about 15 per cent loss by com- 
paction. Deeper levels will compact more slowly, until at about 1000 m 
apparently only about 5 per cent pore space remain; thus for an original 10 m 
buried under 1000 m load only about 3 m will remain, an apparent subsidence 
of nearly 7 m. 

WIGGERS (1954) has shown in the Netherlands that, in the mixed columns of 
sand, silt, and shale of the Rhine delta region, the first 25 per cent or so of 
compaction is achieved very close to the surface. Thus the lowering of the 
Holocene by compaction of the underlying Pleistocene is rather small in com- 
parison to the total subsidence. WELLER (1959) has recently issued a most 
valuable quantitative study of this whole question. 

The lithology of the coastal formations is important. A granite coastline is 
often singularly hard and resists marine erosion, indeed so effectively that in 
certain places striations from the last glaciation may be traced descending below 
sea level. In short, the rate of erosion of the country rock must not be so slow 
that no shore terrace is formed within a matter of a few thousand years. A 
porous limestone makes the ideal terrace; beach-rock formations are useful as 
they trap and cement contemporary shells; a coral reef is ideal in that it grows 
up to a known datum (low tide level) though the coral needs careful cleaning 
for possible contamination by younger carbonate debris and cements. A schist 
or a slate, if reasonably hard, often forms a good terrace; a sandstone, however, 
unless with a calcareous cement, tends toward mechanical weathering, which 
does not cut the distinctive intertidal terrace noted on rocks susceptible to 
chemical erosion. 

The exposure to storms and the shape of the coast is important. In muddy 
bays there is likely to be an acid sediment which destroys shell material, but it 
acts as a preservative for fossil wood. A certain exposure may lead to the 
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formation of fine raised beaches; excessive exposure may result in the sweeping 
clear of all ancient shell material and the physical destruction of former 
platforms. 

The tidal range is highly significant (FAIRBRIDGE and GILL, 1947). A small 
tidal range (say one meter) means that older terraces (say 3 m) with their raised 
beaches may be beautifully preserved, out of reach of the waves except at very 
stormy locations. In constrast, a high tidal range (say 10 m) will involve a 
daily sweep of waves over the shore, tending to destroy old terraces which formed 


TIDAL RANGE AND SHORE FEATURES 


If three arbitrary points (a),(b),and (c), are taken at widely separate localities along a coastline, the 
contemporary erosional and depositional features will be as follows :— 


POINT (a) POINT (b) POINT (c) 
Spring tidal range Spring tidal range Spring tidal r 
of 20ft of ft “Gen 
Maximum leve! of contemporary 
storm beaches, beoch r etc ~ 
Variable according to gradient, exposure, etc Pies 


Maximum level of depositional High 
terraces (marine passing water Spr 
gradually into fluviatile) 


Base - level of sub-oerial 
Gnd intertidal marine erosion 


contemporary bench level 


Base -level of mechanical 
marine erosion 

Variable according to rock hardness 
Qrodient, exposure etc 


Fig. 11. Tidal range and shore features. Determination of the sea level at any time 
depends upon recognition of characteristics of intertidal and shore features. Both 
physiographic and biological zonation of any shore depends upon tidal range and 
exposure. Base-level of subaerial erosion is mean low water spring tide level: the 
height of contemporary bench planation, coral reef growth, etc. Maximum height 
of depositional terraces (marine, estuarine and thalassostatic fluvial) is mean high 
water spring tide, locally plus a factor associated with floods or storm conditions. 
Beach ridges build to swash limit, plus a variable capping of eolian character. The 
greater the tidal range, the greater the limits between these different features, and the 
greater the margin of error in identifying former sea-level stands. 


at former low-tide levels; however, since raised beaches tend to build up to 
the limits of high-tide storm-beach level, these will stand a good chance of 
preservation in protected places. 

An artificial problem is introduced by scientists in reference to the relation- 
ship of the shore features to “‘sea level.” The reader may have no concept of 
what “‘sea level” means. It is “mean sea level?” This is not an ideal datum. 
The base-level of subaerial or intertidal erosion is MEAN LOW TIDE LEVEL, and 
it is to this level that a contemporary marine platform approximates; it is to 
this level that coral reefs grow (FAIRBRIDGE, 1952). It is therefore the ideal 
datum of reference. It is the usual hydrographic chart datum. (In the Nether- 
lands ‘“‘Ordnance Datum” refers to mean high tide at Amsterdam.) The spring 
tidal range should always be stated (Fig. 11), since raised beaches are elevated 
to this height (plus a variable, corresponding to exposure to storm waves). 
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Finally, the activity of man is having a deplorable effect on coastal features 
in many areas. Along the eastern seaboard of the United States, for example, 
there is an almost continuous belt of seaside cottages and buildings; old 
raised beaches and beach-ridges have been bulldozed, deformed, and covered 
by cement. Coastal lagoons and shallow stream-mouths have been dredged; 
piles of dredged “spoil” includes much late Quaternary material that is sometimes 
difficult to distinguish from genuine raised beaches after several years of 
weathering. Piles of oyster shell, or other edible mollusca, sometimes mistaken 
for “raised” beaches, often turn out to be aboriginal “‘kitchen middens.” 

Some allowance may also be made for the inherent problems of the 
C-14 method of dating (OLSON and BROECKER, 1958; GoDWIN and WILLIS, 
1959). Consideration must be given to the material used for the age determina- 
tion. 

Wood and peat. Old peats and wood are not likely to incorporate “‘older”’ 
carbon, but may contain rootlets of younger origin. Therefore in the general 
way, organic carbon dates represent maximal but not minimal dates. 

Shell and other carbonate material. Shells living to-day are liable to incorporate 
“old” carbon in their skeletons, e.g. modern Mulinia shells from the Gulf of 
Mexico gave 520 + 100 according to 0-9 (HUMBLE data, BRANNON et al., 1957). 
Adherent shells, e.g. oysters and barnacles, may be collected from old limestone 
cliffs from which some old CaCO, adheres (DEEVEY et al., 1959). Old shells 
may also become coated with “‘younger” veneers of travertine. This can be 
detected by careful examination and removed by a little acid bath. Spires 
of gastropod shells may also hide younger lime accumulations, but can be 
removed by careful processing. Thus with careful work, carbonate shells do 
not give dates younger than they should be, and thus are fairly reliable for 
minimal dates, but not always for maximal dates. The error in the latter may 
run up to several hundred years. There is also a greater uncertainty as to the 
initial C'4/C! ratio in carbonate material. Corrections are constantly being 
improved; it should be noted that most of the earlier dates should have applied 
a correction for the “‘Suess Effect.” Thus Chicago and Lamont (I, II, III) dates 
should have 200 years added; Groningen dates up till 1958 should have 250 
years added. 

An idealized curve for Late Quaternary eustatic oscillations has been prepared 
(Fig. 14). It is based on conciliation of data from paleoclimatic sources, known 
geomorphologic levels, and radiocarbon dates of organic material (adjusted to 
levels of suspected biotope). 

It is not claimed that this curve is correct, that is, the “final truth.” Far from 
it, one can only seek a first approximation at this stage. It has only been 
achieved after much trial and error. If one takes any marine radiocarbon date 
it is most unlikely that it will plot directly on this curve: anomalies will appear— 
positive or negative, that is above or below the “‘standard” or postulated curve. 
However the anomaly may be also in a dating error, thus left or right on the 
curve (Fig. 12). 

Provided that there is no dating error and there is no uplift or depression, the 
following rules are seen: 


Samples from above the curve, i.e. positive, are terrestrial material, e.g. 
wood, peat, etc. 
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Positve anomalies 


Explanation : 


Anomaies Positive 
© Negative 


Time ——> 


Fig. 12. Relationship of geological and geochemical errors in radiocarbon dating of 
shore-lines. Note that the geological (survey) errors are in a vertical sense: a physio- 
graphic feature or a sedimentological facies may be misinterpreted, a fauna may not 
accurately reflect its ecotope, e.g. a deep-water organism may have migrated to 
shallower (a “‘positive anomaly”) or penecontemporaneous slumping may have dis- 
placed the horizon downward (a “negative anomaly’’). Geochemical errors displace 
the apparent horizon in Time, thus in a horizontal sense on the curve: an “age” too 
old will displace a transgressive curve to givé an erroneously higher sea level for a 
given time (a “‘positive anomaly”); an “age” too young on the same sample will 
indicate a sea level too low (a “negative anomaly”). However, a complete allowance 
for both sources of error will produce a broad band of highest probability which 
almost eliminates any trace of minor oscillations. By rigorous study of the geological 
data and assuming the great bulk of C-14 dates are correct (within a few centuries, 
the usual estimated errors), a curve for the Late Quaternary has been obtained 
(Fig. 15) that receives a high degree of confirmation from outside sources (climatic, 
varve, tree-ring, pollen and other chronological methods). 


Samples from below the curve are marine, and the vertical difference 
between their discovery level and the curve is the former depth of water. 


The other anomalies may be reconciled as follows: 


A. Positive anomalies. 
1. Point is to the right during a regression, appears too shallow for the age. 


(a) Sample may be contaminated by youthful material. 
(b) Age is correct, but there is tectonic uplift. 


2. Point is to the left during a regression. 
(a) If sample is of CaCO, it is often contaminated with older carbonate 


material, and age will read too high. 
(b) Age is correct but there is tectonic uplift. 
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B. Negative anomalies. 
1. Point is to the right during a transgression, thus appears too deep for the 
age. 
(a) Sample may be contaminated by youthful material.* 
(b) Age is correct but sample does not correlate with sea level, but is of 
deeper facies, or is stumped,t, compacted, or subsided.§ 


2. Point is to left during a regression: 


(a) Sample may be contaminated by older material. 
(b) Age is correct, but sample is of deeper facies, etc. 


Significant Glaciation Dates 


Apart from the dating of emergent littoral material during the late Quater- 
nary, there is little else on record but the dating of glaciation landmarks. 
There have considerable indirect value. If it is our desire to date contemporary 
low sea-level phases, it is necessary first to review the dates of the major events 
in the glacial history. If the glacio-eustatic theory is even partly correct, the 
shallow-water submarine phenomena should show some sort of correlation 
with the glacial. 

No complete measure of agreement has yet been reached on either terminology 
or dates, but the attached Table is an attempt to provide an approximate 
framework. Higher sea levels (than to-day) occurred during the interglacials 
(perhaps two or three distinct still-stands in the Sangamon) and during the 
Recent. The interstadials of the Wisconsin may well have been marked by 
positive oscillations of the sea, but we are not at all sure if any of them reached 
the present sea-level height. 

Proceeding from older to younger events, through the latter part of the 
Quaternary, we have the following (warm phases in italics, cold in block 
letters) summarized in Table 1. 

Dates given in Table | are, for the most part, approximations from the 
great wealth of radiocarbon figures, together with some data based on pollen, 
glacial advance and retreat, varves, etc., determined or analysed in recent years 
by AHLMANN (1953), ANTEvs (1953, 1955a, 1955b, 1957), ARNOLD and LIBBY 
(1951), BARENDSON et al. (1957), BRANNON et al. (1957), BROECKER et al. (1956, 
1957), CLisBy, FOREMAN and Sears (1957), DEEveY and FLINT (1957), DEEVEY 
et al. (1959), EMILIANI (1955, 1957, 1958), DE GEER (1940, 1954, 1956), FirBAs 
(1939), FLINT (1953, 1955, 1956, 1957), FLINT and Deevey (1951), FLINT and 
RuBIN (1955), GODWIN et al. (1947, 1957, 1958, 1959a,b), Gross (1954 1955, 


* Charcoal, wood and peat sampies are sometimes contaminated with younger roots, etc., 
so the age given is a maximum. CaCOs are sometimes mixed with older carbonate, so the age 
is generally minimal. Rarely older shells are mixed with younger shells (e.g. of foraminifera) 
and an intermediate age results. Contamination is now rare; less than 5 per cent of samples 
are suspect. 

f Slumping does not cause very much displacement except beyond the shelf break; 
likewise turbidity current deposits. Wood may be carried out to sea. 

{ Compaction is very important in peats and clays (for a limited period, i.e. till about 
50 per cent of the connate water is lost); unimportant in sands; non-existent in coral reefs. 

§ Tectonic subsidence is negligible off temperate and tropical coasts where the hinterland 
is pre-Cambrian. It is found to range in existing sedimentary basins from about 0:1 to 3 mm 


per year. 
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1957, 1958), HEUSSER (1959), HorBERG (1955), VAN DER HAMMEN (1957), IVERSEN 
(1953), KARLSTROM (1956), KuLP et al. (1951, 1952), Lippy (1952, 1954a,b, 
1955), MATTHES, (1945), MANLY (1940), MITCHELL (1956), OKKO (1957), OLSEN 
and BROECKER (1959), PFANNENSTIEL (1950, 1951, 1952, 1956), RUBIN and SUESs 
(1955), RuBIN and ALEXANDER (1958), RUHE, RUBIN and ScHOLTES (1957), 
Suess (1954, 1956), DE Vries et al. (1954, 1958), WoLpstepT (1954, 1958), 
WRIGHT (1953), ZEUNER (1952, 1958) and others. It should be stressed that 


Table 1. Approximate Dating of Late Quaternary Glacial Events 


B.P. 
The Last Interglacial (R/W, Eem or Sangamon) (three oscillations) .ca. 100,000-75,000 


WISCONSIN-WURM GLACIAL STAGE 
I. EARLY WISCONSIN-EARLY WORM including Younger Loess I (with 
THREE STADIALS and Two INTERSTADIALS: Amersfoort, Brorup- 


Loopstedt) . 


75,000-50,000 
Main Interstadial (Gottweig, Rixdorf or Aurignacian)* . 


50,000-30,000 


II. MAIN WISCONSIN—MAIN WURM 


FARMDALE-MAIN WUpM (early stage) including Younger Loess Ha 30,000-27,000 


Paudorf—Laufen Oscillation 
IOWAN-PRIMOGLACIAL SUBSTAGE including Younger Loces IIb 
Brandenburg Moraines 
Peoria—Herning Oscillation 
TAZEWELL—DANIGLACIAL SUBSTAGE Frankfurt 
Pomeranian Moraines : 


. LATE WISCONSIN-LATE WURM 
Brady-Masurian Interstadial 


CaryY-—GOTIGLACIAL (main) P.Z. Ia, including Belt ana Langeland sage 
Lake Arkona-Bolling Oscillation P.Z. Ib 
Port HuroN (MANKATO or Cary II)—Ost PZ. Ic 


(“Older Dryas”) . 
Two Ci vecks-Allerd Oscillation P. Z.1 


VALDERST—SALPAUSSELKA—FENNOSCANDIAN P.Z. III Dryas”) 


RECENT—HOLOCENE Or POSTGLACIAL PERIOD 
Anathermalt Warm Phase P.Z. 1V . 
COCHRANE-BOTHNIAN COOL Puasé P.Z. V, VI (““Boreal’’) . 
AltithermalS Warm Phase P.Z. Vi (“‘Atlantic’’) 
HisToRICAL TiME (Early Medithermal): P.Z. VII, 1x (“Subboreal” to 
“Subatlantic’’) (Multiple small readvances, * ‘LITTLE Ice AGEs,” about 
4300, 3300, 2500, 1500, and 700 B.P.) 
Late Medithermal (Present) Warm Phase P. Z. XxX (Present rise ‘of sea 
level and glacier retreat since A.D. 1850) : 


27,000-25,000 


25,000-21,000 
21,000-19,000 


19,000-—17,000 
17,000-16,000 


16,000-13,300 
13,300-12,500 


12,500-12,000 
12,000-10,800 


10,800-10,300 


10,300- 8900 


8900- 7500 
7500- 3500 


3500- 100 
100-0 


* Sometimes the Main Interstadial is called Brady in North America. 

+ Formerly correlated with Mankato; the type sequence of Mankato, in Minnesota, is now 
regarded as interfingering with Cary (WRIGHT, 1953). MME. DE GEER (1956) would rename it 
““Mandato”’. 

} Of Antevs (1948, 1955a, 1955b); complete agreement with his dates is not implied. His 
Cochrane dating is erroneous. 

§ Deevey and FLINT (1957) would rename this ““Hypsithermal” and extend range from 
9500-2500 B.P. See discussion of ““—thermal” terminology by Cooper (1958). 


Note: P.Z. = Danish Pollen Zones. 
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many of the radiocarbon dates of about 10,000 B.P. or earlier carry a plus or 
minus accuracy of 200-500 years. Therefore, in order to avoid spurious 
accuracy, the older dates are mostly rounded off to the nearest 500 or 1000 years. 

The oldest dates are modified from estimates by EMILIANI (1955, 1957, 1958) 
and Suess (1956), based on deep-sea sedimentation rates and temperatures 
(Fig. 10). They fall roughly within the same order of magnitude as the old 
estimates of PENCK and BRUCKNER (1909) and the glacial interpretation of the 
Milankovitch curve (ZEUNER, 1945). 

The dates since 16,000 B.P. serve also to confirm and supplement varve 
counting figures achieved by BARON DE GEkR (E. H. De Geer, 1951, 1956). This 
technique offers special advantages. As Mme. de Geer remarks: “Varves date 
ice retreat; isotopes date ice advance.” Provided the varves are correctly 
correlated in the total section (by no means a simple process), they can offer 
figures accurate to the single year, which is more than radiocarbon can offer. 
However, there is a personal element in the recognition of varve correlations 
that in certain cases leads to regrettable errors. 

FLINT (1955) has pointed out that the organic debris (peat, tree stumps, etc.) 
normally employed for radiocarbon dating of glacial sequences has been 
identified as belonging to cold ecologic assemblages for the most part. They 
are thus the relics of vegetation growing not far from the contemporary ice 
front. During the drier interglacial or interstadial episodes, the vegetation (in 
the mid-continental regions at least) would tend more toward prairie grasses, 
which would not be so well preserved. Thus the majority of radiocarbon 
dates refer to times of ice advance, in any particular location. 

It should be stressed, however, that an advance or retreat is by nature a 
progressive affair, and an exact date for the beginning or end of any substage is 
not to be expected. Further, one would not expect ice lobes to extend exactly 
simultaneously in all parts of the continent, let alone in other parts of the world. 
The fact that these events do correspond very closely is thus most gratifying. 

Of the many thousands of carbon-14 dates obtained during the last decade, 
extraordinarily few are of any direct value to eustatic research. This failure is 
partially due to an emphasis on the dating of the continental formations of the 
Pleistocene and on the dating of archeological material; with these valuable 
researches there can be no complaint, but in the coastal areas, sampling of 
material has not always been done with adequate care or supported by clear 
geological evidence of its local significance. 

From the marine realm, the most significant date is one of 11,000 plus or 
minus less than 1000 years B.P., based on the average of dozens of Globigerina 
ooze samples from many parts of the deep Atlantic Ocean (ERICSON, BROECKER, 
KuLp and WOLLIN, 1956). Although there was a general rise in semi-tropical 
surface water temperature from 16,000 to 6000 B.P., this date of 11,000 is about 
the midpoint in the oscillatory but very rapid rise, that amounted to a cumulative 
figure of 6°C (EmMILIANI, 1955). 

The most striking fact about this date is its coincidence with the warm 
Alleréd phase of northern Europe (12,000-10,800 B.P.), which heralded, after 
a short cold interval (the Salpausselka), the post-Glacial, Holocene, or Recent 
stage, or at about 10,300 B.P. The radiocarbon figures strikingly confirm the 
long-demonstrated (but often doubted) varve-dating of Baron de Geer (IVERSEN, 
1953; E. H. DE Ger, 1951). 


VOL. 
19061 


146 RuHopeEs W. FAIRBRIDGE 


In North America the Alleréd is represented but less perfectly known, as at 
this time the ice retreated as far north as the Straits of Mackinac. A Two 
Creeks forest of eastern Wisconsin was overwhelmed by an oscillation which 
heralded the Valders (former ‘‘Mankato”’) readvance at 11,400 B.P., an average 
of five closely spaced dates (FLINT and Drgvey, 1951; FLInt, 1955), which is 
rather earlier than the date generally accepted for the end of the Alleréd. 

Interesting confirmation of this picture comes from the non-glacial late 
Pleistocene lakes of the central Rocky Mountains, where the rise and fall of 
Lakes Lahontan and Bonneville were recorded by the deposition of travertine 
(tufa) near the former shorelines. These have been dated to indicate a sharp 
rise in lake levels from 28,000 to 24,000 B.P. There was a more gradual drop 
away from the “‘Pluvial” high stand from 16,000 to about 6000 B.P. but with 
several violent oscillations (i.e. Bélling and Alleréd) between 12,000 and 9000 
B.P. (BROECKER, 1957, BROECKER and KuLP, 1957). 

The date of approximately 10,000 B.P. has long been taken in Europe 
(following de Geer) as the time for the beginning of the post-Glacial, Holocene 
or Recent. This is the time of the “Anathermal” (the beginning of the great 
warming up) of ANTEvs (1955a), the time of the retreat that left the Finiglacial 
moraines of southern Sweden and the Timiskaming and others of Ontario. 
This is a slightly arbitrary boundary, for it seems that sharp climatic oscillations 
occurred at about the Pleistocene-Recent transition, the Alleréd—Salpausselka 
being the most important, and recorded by the most marked change in marine 
sediments; at sea there was a cushioning effect, with little or no cool swing, so 
that in most of the cores the years 11,000-10,000 B.P. correspond to the steepest 
part of the rising temperature curve. 

The date for the beginning of the Recent was formerly put much earlier in 
North America, owing in part to erroneous calculations based on the retreat 
of the Niagara Falls, but with radiocarbon dating, it seems there is now no 
longer any serious source of disagreement. 

The distinction of “Recent” from Pleistocene has long been made in Europe 
(formerly ‘‘Alluvium” and “‘Diluvium” as age terms), and serves the very 
necessary purpose of providing a useful term for distinguishing the last 10,000 
years—the time of Homo sapiens, when the oceans average 6° warmer than in 
the cold phases of the Pleistocene, when the continents are largely icefree, 
except for polar regions and very small patches in North America and Europe, 
when the coastlines are largely within a few hundred meters of their present 
position. 

The Recent is marked by the tremendous Flandrian marine transgression 
(Dusols, 1924, 1930), so that stratigraphically it is a distinct stage. The habit, 
therefore, of certain geologists (following Kay and LEIGHTON, 1933) of incor- 
porating the Recent in the Pleistocene is deplored. It weakens the term Pleisto- 
cene, and confuses the terms “Upper”, “‘Middle”, and “Lower” for the 
Pleistocene. The argument that the Recent is merely another “Pleistocene” 
interglacial is specious; maybe it is, maybe not, and in any case paleoclimatic 
theory is not an acceptable basis for stratigraphic terminological procedure. 
The term Quaternary is widely accepted for the period (or era) following upon 
the Tertiary, and Pleistocene and Recent are its traditional subdivisions (Fisk, 
1944; WoLpsTEDT, 1953, 1954-58; BroUwWeR, 1957; ZAGWIJN, 1957; Mor- 
RISON, GILLULY, RICHMOND and Hunt, 1957). 
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Eustatic Changes in Sea Level 


Stratigraphic Data on Eustatic Levels 


Using the dates of late Quaternary glaciation and warm interstadials, we 
might proceed with a working hypothesis that low eustatic levels would be 
found at a depth proportional to the intensity of cold and extent of the ice-sheets ; 
conversely for the warmer phases. This is only partly true, however, and the 
botanical and faunal evidence does not seem to bear it out for the major 
oscillations (Figs. 9, 10). 

It seems that the minor oscillations correspond closely to temperature changes, 
but those of greater amplitude show a lag in melting and geodetic effects, 
discussed in the earlier parts of this paper. EMILIANI and Geiss (1959) contend 
that the temperature differential in the tropical oceans between the glacial 
maxima and minima is not proportional to the great water transfer. If a big 


Table 2. Major/Late Quaternary Eustatic Events 


Trans- 


Elevation gression 


Regression Dates 


Identification 
(Submer- |(Emergence Before 


Metric British gence factor)| factor) present 


. Late-Monastir/Pamlico 6-8 20-235 ft ca. 95,000-90,000* 
. Epi-Monastir/Pr. Anne} 3-5 10-15 ft ca. 80,000-75,000 
. Main Wiirm/Iowan- 
Tazewell Emergence | (—)100 55 fm 30,000—17,000 
. Masurian/Brady (and 
Bolling Lake Arkona 
Submergence . . | (—)45-65] 25-35 fm 17,000-12,500 
. Alleréd/Two Creeks 
Submergence . . | (—)3240} 18-22 fm 12,000-10,800 
. Yoldia/pre-Cochrane 
Submergence . ‘ 
. Hydrobia/Calais Sub- 
mergence (—)10 5-5 fm 7500-6700 
. Older Peron Submer- 
gence . 3-5 10-15 ft 6000-4600$ 
. Bahama Emergence . (—)4 2 fm 4600-4000 
. Younger Peron Sub- 
mergence ; ; 3 10 ft 4000-3400 
. Crane Key Emergence (—)2 1 fm 3400-3000 
. Pelham Bay Emergence | (—)3 1-5 fm 3000-2600 
. Abrolhos Submergence | 1-5-2 5-6 ft 2600-2100 
. Florida Emergence. (—)2 1 fm 2100-1600 
. Rottnest Submergence 60 cm 2-3 ft 1600-1000 
P. Paria Emergence : (—)2 1 fm 1000-600 


(—)15-24} 7-13 fm 10,300-8,900 


* Dates for A and B based on modified EMILIANr (1955) curve (Fig. 10). According to 
DE VRIES (1957) it should be 25 per cent younger, but in 1958 he reversed this opinion. 

+ D, E, F, G are each followed by negative oscillations; sedimentation mainly during 
transgression, but terrace cutting during standstill or progressive retreat. 

t Positive peak only; all older figures very approximate. 

§ Stages (from here on) reckoned as midpoint of preceding transgression to midpoint of 
succeeding regression. 
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tropical lowering of temperature had occurred during the glacial maxima, 
stenothermal organisms like hermatypic corals would have been killed off. 
Their radiation-topographic-meteorologic theory meets most of the conditions. 

Great confusion still marks the dating of late Pleistocene sea levels, as well 
as their correlation with glacial events. This is a situation which is not helped 
by the fact that the most striking terrace of the last interglacial stage (the 7 m 
or 25 foot) are just beyond the limits of the radiocarbon method. It is this 
terrace which makes a convenient starting point for our review of data (see 
Table 2). 

The material available for interpreting the former elevations of sea level is 
most varied. The direct evidence: littoral terraces, coral reefs (tops), raised 
beaches, coastal swamps, etc., have been mentioned briefly already (under 
“Inherent Problems’’). Certain sequential lithologic associations also offer 
highly informative data (FAIRBRIDGE, 1958). 

These stratigraphic facies do not as a rule pin-point a specific sea level, but 
they indicate a directional tendency. Thus a brackish-water peat swamp indicates 
that sea level was somewhere below that level at its time of growth; a coral-reef 
indicates that sea level was somewhat higher; or likewise, banks of oysters, 
restricted to rather narrow bathymetric limits, point generally to about 0-6 m. 
A sequence of such facies of known depth-range can point to a continuing change 
of sea level. A more complex sequence of ecologic associations can be equally 
informative. Two idealized sequences for low, warm coastal environments are 
illustrated in Fig. 13 herewith: 

(a) Regressive sequences. Peat swamps (of halophytic species), cypress stumps, 
mangrove, etc., tend to form over a mud flat protected seawards by a beach- 
ridge or chenier (a Louisiana French name for an oak-covered ridge). Evaporite 
deposits (salt and gypsum) would form in desiccated lagoons. An advancing 
sea would destroy these communities and so they only build to appreciable 
dimensions under conditions of regression or oscillating regression. Beach 
ridges constantly build up and are destroyed each season (DOEGLAS, 1956), but 
tend to build out progressively in the retreat, so that a broad area can become 
covered by an almost continuous lithologic formation. In coral seas a regressive 
history leaves a thin belt of small scattered bioherms (LINK, 1950). Since the 
part farthest from the old land would be the youngest, the formation would be 
described as stratigraphically diachronous, but the time element involved 
might be quite short. A retreat over a low coastline might exceed 10 km in a 
single century. Geologically, such a formation would not appear to be dia- 
chronous at all. Only with precise carbon-14 dating can such regressions be 
identified in the late Quaternary. 

The preservation of such a belt of a supra-littoral facies from subaerial 
erosion would involve a history of fairly rapid burial. Two conditions could 
provide this necessity: (1) the area might subside, permitting continental 
(fluvial) sediments to spread out over the old coastal swamps and preserve them; 
the peats and water-saturated muds would in any case compact, thus assisting 
the lowering process. (2) Sea level may rise once more, burying the swamp 
deposits with a marine facies, probably sand followed by marine clays. 

(b) Transgressive sequence. Shallow water and littoral marine facies build up 
during a state of rising sea level. As the shore-line advances inland, so the 
marine ecologic zones march with it, generally in progressive steps, or with 
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short negative oscillations. In a warm, favourable environment coral reefs will 
build up into barriers or offshore platforms (FAIRBRIDGE, 1950b). Lagoonal 
deposits would accumulate in the “drowned” areas landwards of these barriers, 
but super-saline environments would be restricted to short negative oscillations 
only; true evaporite sequences would only form under condition (a). Calcar- 
eous, lime-cemented beach rock is a characteristic intertidal zone marker of 
tropical to warm temperate latitudes, and a vertical sequence of such facies 
could only indicate a rise of sea level. 
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Fig. 13. Regressive and transgressive facies on graded coastlines (from FAIRBRIDGE, 1958) 


(a) Pauses during regression (1) permit the build-up of beach-ridges and cheniers; 

behind them accumulate evaporating salt pans, salt marshes, fens, peat swamps, 

cypress swamps, etc. These features will be buried and thus preserved during the 

next (2) transgression (if following soon after) or during subsidence of the basement, 
or both operating together. 


(b) Pauses in a transgression (1) lead to beach-building, beach rock formation, dune 
formation (excess sand swept up during advance) and in favourable localities fringing 
coral reef building. Further transgression converts former fringing reef to barrier and 
creates protected lagoon between barrier and shore. Regression (2) causes lithification 
in calcareous karst, solution and general erosion. Lagoon facies become desiccated ; 
calcareous muds lithified; dark clays oxidized; soil formations develop. 


In non-reef areas, an advance over a low coastline brings a great build-up of 
sand. The advancing sea sweeps it up in front, and a short negative oscillation 
will expose this great accumulation to wind action and a large littoral dune 
develops. Such dunes belts are found all around the present non-glaciated 
coastlines of the world wherever broad shelves and favourable sand supplies are 
available. Islands such as Bermuda, the Bahamas, St. Helena, etc., have far 
more sand in these old dunes than could be supplied by present beaches; the 
sand represents the swept-up accumulations of broad shelves formerly exposed 
(FAIRBRIDGE and TEICHERT, 1953). Since the beach sands tend to be partly 
calcareous at least, progressive leaching (under rain-water solution) occurs 
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within the dunes, so that the more calcareous ones become cemented (as in 
Bermuda and Western Australia) into eolianites, while the less calcareous ones 
become completely leached and break down into quartzose coastal sand plains. 

Progressive deepening during the transgression brings deeper marine facies 
and generally marine clays. There may thus be a characteristic coarse-to-fine 
transition upwards as well as the diachronic displacement landwards. With a 
succeeding regression these facies may become partly overlain by those listed 
under (a), but certain weathering effects will be noted in the exposed marine 
beds: the top layers of clays will become oxidized from grey to yellow, the cal- 
careous dunes will become deeply lithified and shot through with karst pipes, 
the coral reefs will also show karst weathering and, in addition, aragonite will 
show widespread inversion to calcite (FAIRBRIDGE, 1957). The lagoons will dry 
out, evaporites will form, and so the cycle repeats. 

Observation of such facies associations in their characteristic sequence has 
been a major factor, measured by the carbon-14 chronology, in permitting the 
development of the late Quaternary eustatic picture presented in this work. They 
have the additional value that, even in regions of subsidence, where true eustatic 
levels cannot be easily dissected from compaction and subsidence factors, they 
permit one to designate regressive or transgressive tendencies (Fig. 15: groups 
of dates in “Delta Regions” found in the advancing sequences are marked 
“TR”; note that regressive sequences are rarely found superimposed and in any 
case are less commonly preserved). 

It is apparent therefore that in mobile crustal areas these facies criteria are 
still applicable, though in some aspects amplified. Thus in a subsiding region, a 
regressive eustatic trend may just match the subsidence/compaction rate, so 
that still-stand conditions result. In a rising region the eustatic regressive phase 


is so accelerated that itis often “lost without trace.” In rising Scandinavia, 
Tanner (1930, p. 383) points out that only when the eustatic transgression comes 
to a temporary still-stand or reversal does it leave a sizeable raised beach or 
“fossil” cliff. In the subsiding delta regions the same transgression often leaves 


a marine clay. 


SEQUENCE OF LATE QUATERNARY EUSTASY 


A. THE 6-8 (20-25 ft) TERRACE 
Late-Monastir (Europe); or Pamlico (America) 

This is a world-wide feature, personally verified by the writer on coastlines of 
every ocean. It is found on continental shores and isolated mid-oceanic islands. 
Its origin cannot be explained therefore by continental flexuring, local isostasy, 
or anything but a eustatic change of sea level. 

Its age has presented problems. Its raised beaches contain a contemporary 
to warmer fauna. It is characterized in southern Europe by Strombus bubonius 
and the “‘Tyrrhenium II” assemblage (ZEUNER, 1956), but apparently this fauna 
has greater longevity farther south (GiGouT, 1956, p. 78); FLEISCH (1956) com- 
pares it with a “Tyrrhenian III” in the Lebanon. Zeuner correlates this level 
with the estuarine aggradation of the Taplow Terrace in England, and it clearly 
corresponds to the Normannian II of western France (DANGEARD and GRAIN- 
Dor, 1956). Likewise it matches the Pamlico Terrace (also Suffolk-Ingleside) 
in America (COOKE, 1930; FLINT, 1940; Price, 1956). 
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A few determinations show that the age of this terrace is beyond the reach of 
modern radiocarbon technique. An early figure of greater than 20,000 years 
(technical limit at the time) was given by FLINT and Deevey (1951, p. 288) for 
Sample 105, a piece of cypress stump from Myrtle Beach, South Carolina, 
rooted in a peaty soil, overlain by over 15 feet of marine Pamlico. A revision 
of this figure, made by the gas-counting method, later gave greater than 31,000 
years (BROECKER and KuLpP, 1957). A tentative correlation with Sangamon 
seems to be confirmed, that is the Last Interglacial (Riss—Wiirm or pre- 
Wisconsin), and that seems to fit with the European correlation of this sea-level 
stage. Extrapolation to Emiliani’s temperature curve (1955) as modified in Fig. 
10, suggests its age is of the order of 95,000 to 90,000 years B.P. 

On the Pacific coast of North America a well-marked terrace of this height 
may be seen at La Jolla in southern California, which seems a relatively stable 
area and free from recent earth movements. To the north, at Santa Rosa 
Island, BROECKER (1957; also BROECKER and KuLP, 1957) collected three highly 
significant samples from an alluvial fan resting on a similar terrace at 10-25 feet 
above sea level. Near the base of the section, shell material gave a greater than 
33,000 year age; higher up a charred bone gave 29,700 years, and near the top 
another charcoal gave 12,500 years (samples 290-Z-R-T). The alluvial fan 
clearly corresponds to a low sea-level stage of the late Wisconsin, and it seems 
likely that the underlying terrace rising to 25 feet (7 m) is Sangamon. 

The 25-foot terrace is widespread around Australia, and a radiocarbon 
determination at Port Fairey, Victoria gives “greater than 35,000 years” 
(W-195 of RuBIN and Suess, 1955; GILL, 1956), thus fitting with the possible 


Sangamon correlation. 


B. THE 3-5-m (10-15 ft) TERRACE 
Epi-Monastir (Europe); or Princess Anne (America) 

This is less well-known and was only recently named “Epi-Monastirian” by 
ZEUNER (1956); it is probably the ‘‘Ouljian” of Gicour (1949, 1957b). It was 
identified in the United States by WENTWorRTH (1930) and by Price (1956) as 
the “Princess Anne.” It was first mapped and described in Virginia, and here 
Wentworth found a slightly older terrace (with a thin veneer of marine sedi- 
ments) called the Dismal Swamp Terrace; it rests on a platform 3 m (10 feet) 
above the sea level, and the sedimentary cap reaches 7:5 m (25 feet) but it is still 
younger than the Pamlico. It carries marine fossils at Portsmouth, Virginia. 
Both Princess Anne and Dismal Swamp terraces are cut through by the 
Wisconsin lowered sea level. 

An analogous terrace has been recognized in Australia by FAIRBRIDGE and 
TEICHERT (1953, p. 77), where its stratigraphic position is also clearly demon- 
strated as pre-Wisconsin, since it is covered by late Pleistocene lithified dunes 
that have been cut in turn by the well-known mid-Recent 3 m terrace. 

A radiocarbon dating of an Australian 10-12 foot terrace gave over 30,000 
years (W-185 of RuBIN and Suess, 1956); GILL (1956) describes this raised 
beach from Port Campbell, western Victoria (NoT ‘‘Western’” Australia of 
SHEPARD and Suess, 1956) as characterized by warmer shells than exist to-day. 

Great confusion has been caused in geological literature by the coincidence 
in height of this pre-Wisconsin terrace and the mid-Recent 10 foot (3 m) level 
(see below). It is therefore most important to check for evidence of deep 
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subsequent dissection, due to lowered base-level, that would be diagnostic for 
the Epi-Monastirian (see, for example, STEPHENS, 1957). ZEUNER (1952) 
correlates this level with an interstadial of the Last Glaciation. He ties it in 
with the Lower Floodplain Terrace of the Thames, which is separated from 
preceding high sea levels by the so-called “‘buried channels” that may represent 
the low sea levels of the early and late Wisconsin (Wiirm). GiGouT (1957a, b) 
correlates the Ouljian or 5 m terrace with the last positive eustatic oscillation 
before the Flandrian transgression, and thus late Sangamon. Since much of the 
Moroccan Meseta was rather stable back to the middle or early Pleistocene, it 
would seem that this may make a useful eustatic standard. It seems likely that 
there were several Riss—Wiirm still stands (Early Monastir, Late Monastir, and 
Epi-Monastir), a// corresponding to the Sangamon. There were probably 
negative eustatic oscillations between each; the second may correspond to the 
Zwolle Stadial of the Netherlands (BUDEL, 1953). 

Recent extension of the range of radiocarbon dating brings the suggestion 
that at no time during the Last Glacial was the sea level above the Present. 
Extrapolation to Emiliani’s curve of paleotemperatures (1955), as modified in 
our Fig. 10, suggests an age about 75,000-80,000 B.P. 


Cc. THE 100 m (55 fm) PLATFORM 
Main Wiirm* (Europe) or Iowan—Tazewell (America) 

Following the Monastir (Sangamon) high sea levels, the Wiirm—Wisconsin 
Glacial stage set in, with an extremely rapid drop of sea level, ultimately 
reaching approximately 100 m (330 ft, or 55 fm). This conclusion is based on 
observations of the Sunda Shelf (UmBGrRoveE, 1930) which is a very widespread 
stable region, and is confirmed from other stable regions (CARRIGY and FAIR- 
BRIDGE, 1953). On the Mississippi delta Fisk and MCFARLAN (1955) believed it 
reached 450 ft, but unsufficient allowance may have been made for compaction 
and regional subsidence. At the inner limit of the Nile delta, PFANNENSTIEL 
(1956) only found 90 m, but generally the lowest Mediterranean level was closer 
to 100 m (BLANC, 1937). WoLpsTebT (1954) put it at — 120 m. 

The significant geomorphic feature is a widespread submarine escarpment at 
100 m (55 fm), which in some parts of the world is taken for the edge of the 
continental shelf (Dietz and MENARD, 1951). However, off the more stable 
coasts, unobstructed by rapid sedimentation, it seems that it often represents an 
important boundary between “inner” and “outer” shelf (UMBGROVE, 1947; 
CARRIGY and FAIRBRIDGE, 1954), the “‘inner’’ representing the area affected by 
Pleistocene erosion, while the “‘outer”’ is characterized by a less regular topo- 
graphy, possibly due to canyon cutting, slumps, outcrops of older formations, 
faulted or warped tectonic features (which may include displaced shore- 
platforms, formerly higher), etc. The average depth for the shelf edge is 130 m 
(430 ft) according to SHEPARD (1948). 

Off the middle Atlantic Coast of North America there is a platform at about 
this level that has been called the “‘Franklin Shore” (VEATCH and SmitH, 1939), 
but it is tilted from 130m in the south to 81 m off Long Island, and must 
therefore have been warped. UmBGrove (1947, p. 114) argued that if this were 

* The expressions Wirm I, II, III are often misused; they sometimes refer to equal divisions 


of the Upper Pleistocene, but occasionally to three main stages of the Wiirm retreat. According 
to WoLDsTEDT (1958), Gross (1958) and others, it is best to avoid these terms. 
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due to ice-loading it may well be pre-Wisconsin; however, it is beyond the outer 
limit of Wisconsin ice and is more likely involved in the normal tectonic move- 
ments of the Atlantic Coastal geosynclinal downwarping. 

Off the Pacific coast, EMERY (1958) has recently completed a valuable analysis, 
where again the widest and most common submarine platform is one which 
ranges from 77 m inshore to 104m offshore; some warping and compaction 
are involved (Fig. 2b). Radiocarbon ages of shallow-water algae from short 
cores in this terrace gave data ranging from 17,000 to 24,500 years B.P., which 
is as might have been predicted on the basis of temperature and glacial data 
(Iowan/Tazewell). A minimum age is about 15,000 B.P. according to our graph 
(Fig. 10). 

Older samples in the Mississippi (BROECKER, 1957; BROECKER and KULP, 
1957) show that the coarse sedimentation (indicative of accelerated flow and 
lowered sea levels of the Wisconsin glaciation) can be traced back continuously 
to more than 40,000 years. A sample of shell (291-L) of 31,850 plus or minus 
3000 B.P. from near the delta front occurs at 112 m (370 ft) and suggests either 
subsidence or compaction, probably a little of each, perhaps 20-25 m. A quite 
young shell sample was found not far away at 100 m (330 ft) with an age of 
9100 plus or minus 210, thus actually post-glacial, and another (shell) from 
— 74m (— 240 ft) was 10,530 plus or minus 350 (just post-Valders age). Such 
samples do not give absolute eustatic values of course, as their location is near 
the outer edge of the delta. 

A more interesting figure was obtained from a sample in the old river channel 
near New Orleans, which is 80 miles above the present mouth; this is L 391-C, 
with 28,000 years B.P., now at — 46 m (— 150 ft). This age would place it in 
early Main Wiirm (possible Farmdale). 

On the Gulf coast of Texas, high sedimentation tends to obscure erosion 
features, but PARKER and CurRAY (1956) describe an 82 m (45 fm) series of flat 
steep-sided banks which may be reefs surmounting salt domes; in this case 
some vertical (diapiric) movement may be involved. Off the coast of Florida 
karst phenomena, with solution holes, etc., are found extensively over the surface 
of a 275 m (150 fm) platform, but this appears to have been warped and faulted 
(JORDAN, 1951; JORDAN and STEWART, 1959). Reefs also rise from the — 100 m 
platform on the western Guiana Shelf, reaching only to — 82 m (Norma, 1958). 
Identified by radiocarbon dating the same platform seems to be depressed in 
the adjacent orogenic belt of the Paria—Trinidad Shelf to much greater depth 
(KOLDEWIJN, 1958). 

Most of the oceanic atolls, summarized by DALY (1934) and NUGENT (1946) 
show this fundamental platform at approximately 100m; in the smaller 
lagoons sediment-filling sometimes obscures it, as is true also in much of the 
Great Barrier Reef lagoon (FAIRBRIDGE, 1950b). Many karst phenomena, sink 
holes, etc., in the reef masses reach down to a base-level near 100 m. 

Borings in coastal plains and for bridge foundations along steep coasts (e.g. 
Western Europe, eastern Australia) often show the bed rock cut to levels 
approaching 100 m. This may be the “Hedge Lane” or “First Buried Channel’”’ 
of the Thames in England (ZEUNER, 1942, KiNG and OAKLEY, 1936). BLANC 
(1937) in the Mediterranean found a widespread marine platform at 90-100 m, 
matched by evidence from borings in the coastal plains of Italy. PFANNENSTIEL 
(1951) found the Black Sea—Mediterranean connexion through the Bosphorus 
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at this same level though the lower Danube seems to be cut only to — 80m 
(PFANNENSTIEL, 1950). Boring at the head (south end) of the Nile delta showed 
the rock floor at 90 m (PFANNENSTIEL, 1956). In Palestine the fluvial gravels 
also reach — 90 m but the original coast must have been farther seawards and 
lower (BUTZER, 1958). 

The catalogue of references could be continued almost indefinitely, but serves 
to show the near-universality and extent of this erosional feature. The time 
factor, for cutting through hard rocks, must have been considerable. According 
to the curves suggested in Figs. 9 and 10, for only a short period (perhaps 
10,000 years) was the sea level at its minimum. However, it was approaching the 
minimum, permitting extensive downcutting toward that level, for some 
50,000 years. This downcutting, if the curve (Fig. 10) in any way approximates 
the true picture, was the Jongest and Jowest of any stage in the entire Pleistocene. 
It thus seems eminently logical that it should be marked to-day by the most 


prominent offshore terrace. 


D. THE 50-65 m (28-35 fm) PLATFORMS 
Late Wiirm or Brady to Cary (America) 

A very rapid rise of sea level began about 17,000 B.P. It was associated with 
the warm-up marked by the Brady Interstadial in North America and the 
Masurian of Northern Europe. Sea level probably reached 60m and then 
(about 16,000 B.P.) dropped to about 70m with the next readvance (Cary, 
main Gotiglacial, “‘late’’ Wiirm, of various regions). 

A number of submarine platforms at about these depths are recorded in many 
parts of the world. On the stable West Australian coast a 65-m level is particu- 
larly wide, in places 4 to 6 miles (CARRIGY and FAIRBRIDGE, 1954). It is also 
widespread in the Great Barrier Reef lagoon (FAIRBRIDGE, 1950b) and in inter- 
mediate platforms of many atoll lagoons and margins. In the Marshall Islands, 
hard bands of (intertidal) beach-rock were drilled into at 160-168 feet (50 m) 
and are matched by erosional platforms offshore (EMERY, TRACEY and LApp, 
1954). HouBoLp (1957) noted it at 50 m on the Persian Gulf. Dead patch reefs 
that grew up from the 100 m platform of Guiana reach 82 m, thus almost to the 
level of an extensive 75 m terrace (NoTA, 1958). 

W. NESTEROFF (personal communication, on the basis of extensive ‘‘aqua- 
lung” exploration) regards a 50-60 m level as present throughout the Mediter- 
ranean. Numerous dead reef patches are found on it in the Red Sea (NESTEROFF, 
1955); there is also a lower platform at 80 m. In Lower Versilia, BLANC (1937) 
found that the earliest transgression after the — 100 m stage reached a level of 
— 60m before a temporary regression. In the inner Nile delta borings, 
PFANNENSTIEL (1956) recorded a salt horizon between 50 and 70m, which 
suggests a regression of this order at the expected time. BALL (1939) regarded 
the whole eastern Mediterranean as converted to a saline lake. Littoral sand 
dunes occur at this level off the Nile and the Po (DogGLas, 1950). 

In North America the mouth of the Hudson Canyon debouches on the shelf 
at 70 m (VEATCH and SMITH, 1939). On the Gulf coast, PARKER and CURRAY 
(1956) describe platforms at 56m. In California, EmMery’s “Third Terrace” 
(1958) ranges from 160 ft near the coast to 245 ft offshore (50-75 m), but 
differential warping is clearly involved. Moore and SHuMway (1959) have 


demonstrated its rock-cut character. 
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River valleys, thalassostatically rejuvenated, show benches cut to a depth of 
— 70m. The best known is the “Second Buried Channel” or Ponders End 
bench of the River Thames in England. Similar benches are found below many 
river mouths. 

A second Late Wiirm climatic oscillation, a very short one, followed with its 
warm phase at 13,300 to 12,500 B.P., the Lake Arkona-Bdlling Oscillation. 
It is not easy to identify this bathymetrically, but it would seem to have a culmi- 
nation near 45 m, and the short succeeding cold phase (the Port Huron—Velgast 
or Ost-Riigen) ending about 12,000 B.P., may have lowered sea level to some 
48 to 50 m. 


E. THE 32-40 m (18-22 fm) PLATFORMS 
Alleréd to Salpausselkd (Two Creeks to Valders) Oscillation 

One of the best known warm phases towards the end of the Last Glaciation 
was the Alleréd—Two Creeks retreat, rather precisely dated at about 12,000 to 
10,800 B.P. For the first time the sea rose and filled the Baltic (““Lomna Marine 
Phase” of NiLsson, 1955), while in North America the Champlain Sea spread 
up the St. Lawrence to Ontario (HouGH, 1958). A short, but sharp cooling 
followed at 10,800 (the Salpausselka—Fennoscandian—Valders) and represents 
the last great glacial substage before the end of the Pleistocene. 

In the marine realm this oscillation is represented by a 35 m (20 fm) platform, 
or group of closely associated platforms at 32-40 m. In south-western Australia 
(a reef marginal area, about 25-30° S.), it permitted the growth of flat-topped 
banks with some component of reef corals, showing that marginal seas were now 
becoming appreciably warmer. Drowned reefs occur off Florida at 34m 
(JORDAN, 1952), rising from a 40-m shelf; the upgrowth certainly coincided 
with the Alleréd-Two Creeks melting, while the drowning was probably due to 
the sudden drop of sea level and cooling that came with the Valders glacial 
advance. In Bermuda a cedar forest grew in Alleréd times (11,500 B.P., accord- 
ing to Kutp et al., 1951) and was buried by sediment from the subsequent 
Flandrian transgression. 

Off the Pacific coast of North America, EMery (1958) identified a “Second 
Terrace” at 80-125 ft (24-37 m), which allowing for warping elements is 
reasonably matched to this bracket. This level is also the second major platform 
(from the top) reported from many parts of the world; from Japan (YABE and 
TAYAMA, 1934); from the Persian Gulf (HoUBOLT, 1957), etc. Many river beds 
are cut down to this level near their mouths and there are numerous equivalents 
to the “Third Buried Channel Bench” of the Thames. 

It should be noted that peats are found at this level in the North Sea, in the 
Rhine Delta and in the Mississippi Delta. However, radiocarbon dates and 
pollen characteristics, where available, suggest that some of these deposits are 
not Valders-Salpausselkaé but belong to the next regression, the Ancylus— 
Cochrane oscillation, and their low elevation may in part be due to subsidence 
and compaction. 

Some Gulf of Mexico off-shore oil well cuttings (away from the delta) are 
interesting in this connexion (BRANNON et al., 1957): Humble 0-126, a wood in 
buried fluvial sand at — 75 m (13,650 B.P.); 0-99 a wood in sand at over 100 m 
depth (11,200 B.P.), perhaps laid down in water 60 m deep according to our 
graph but most likely some slumping and/or subsidence has occurred; and 
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0-45 shells from a marine sand at about — 55 m (10,700 B.P.) again the depth 
of water and amount of subsidence being problematic. 


F. THE 15-24 m (7-13 fm) PLATFORMS 
Yoldia to Ancylus (pre-Cochrane to Cochrane) Oscillation 


According to data by ERICSON, BROECKER, ef al. (1956) in the open oceans a 
revolutionary event occurred soon after the year 11,000 B.P. This represents 
rather closely the beginning of the post-Glacial epoch in the peri-glacial lands. 
In deep-sea globigerina ooze, this boundary is so sharp it can be observed with 
the naked eye in almost every core. As noted earlier, it seems desirable to use 
this date approximately (based on a normal, non-glacial marine sequence) to 
designate the official beginning of the Holocene or Recent. 
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Fig. 14. Eustatic oscillations during the Flandrian (or post-Glacial) transgression. 

Note that a smoothing of the curve up till 6000 B.P. would give an almost straight 

line, a mean rise of 9 mm per year for over 10,000 years, but in fact broken up into 

oscillations with rates exceeding 24 mm per year for periods of 500 years or so. Since 

6000 B.P. the mean curve is horizontal, approximately at present mean sea level, 

but broken into oscillations of short period and diminishing amplitude from over 
6 m to less than I m. 


At about 10,300 B.P. began the Finiglacial retreat of Scandinavia and the 
late Valders retreat in North America. Sea level rose rapidly, at 20 to 30 mm 
a year, until it reached 15 m (7 fm) below present datum. The movement was 
probably in sharp jerky steps, alternating with small pauses and even slight 
reversals according to our data. A rate for sea level is dissected from the iso- 
static data in southern Sweden, gave 2:5 cm per year (FLORIN, 1944). 

This is part of the great FLANDRIAN TRANSGRESSION of DuBois, (1924, 1930), 
also known as the Versilian Transgression in the Mediterranean (see BLANC, 
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1937). In northern Europe the first phase is known as the Yoldia Submergence, 
up till about 9000 B.P., when it flooded the Baltic once more. Probably the 
maximum reached was — 12 m, about 8700 B.P., when the “Rha” (Rhabdonema 
or Echineis) sea rose so fast that it extensively flooded the already isostatically 
rising southern coast of Finland (SAURAMO, 1939). 

A cooler oscillation, the “pre-Neolithic” or Ancylus Emergence (about 
8300 B.P.) followed, leading to a sea-level lowering to 24 m (13 fm); this emer- 
gence produced the Ancylus Lake of the Baltic and Lake Algonquin (etc.) of 
North America, and was marked by local ice advance in Canada (Cochrane) 
and Scandinavia (Bothnian), as clearly demonstrated by KARLSTROM (1956). 

In the type area of the Flandrian, Dusots (1924) distinguishes the Ostende 
Beds at this early stage, corresponding to a transgressive sequence from — 30 to 
— 15 m (i.e. from about 10,000 to 8700 B.P.), followed by the regression corres- 
ponding to the Ancylus—Cochrane-Bothnian emergence. In northern Germany 
(in the Weser area, away from the Rhine delta subsiding region) the sequence is 
rather similar. SCHUTTE (1935, 1940) believed that sea level was about — 19 m 
just before the Yoldia submergence, and then rose in three big oscillations to its 
present level in the next three millennia; this interpretation closely matches the 
curve now offered (Fig. 15). NiLsson (1948) believed that the absolute sea level 
at this stage was below — 50 m, but this figure is derived from areas (in the North 
Sea) now regarded as subsiding. 

Widespread marine platforms were formed all over the world. Emery (1958) 
calls this his “First Terrace” in California. It is particularly well-marked off 
all limestone and especially coral coasts, because coral grows rapidly up to any 
existing sea level and is only slowly destroyed by a negative swing. Reports 
come from STEARNS (1935, 1945), FAIRBRIDGE (1948, 1950a, b), EMERY, TRACEY 
and Lapp (1954), NEWELL (1956), NEWELL and Imprig (1955), PARKER and 
Curray (1956), HouBOLT (1957), and many others. On the western Guiana 
Shelf (of S. America) the 12 fm (22 m) terrace is radiocarbon dated at approxi- 
mately 8000 B.P. (Nota, 1958). 

In the Marshall Islands, deep borings encountered hard beach rock horizons 
from 50 to 80 feet below sea level, matching off-shore platforms at 17-24 m 
(8-13 fm) according to EMery, TRACEY and Lapp (1954); preservation of such 
beach rock formations can only represent subsidence or a transgression (with 
successive still-stands) of that order. JORDAN (1952) reports reefs off Florida 
at 26 m (14 fm), presumably drowned owing the speed of the same transgression, 
or possibly killed by a short oscillation involving slight emergence and death of 
growing coral. 

Some of the Gulf of Mexico sites seem to be sufficiently distant from the 
region of lowering of the Mississippi delta that they may represent a relatively 
stable sequence. In Texas, SHEPARD (1956) lists wood at 27 m (9800 B.P.), and 
oyster banks at 26, 19, 15, 9 and 6 m (9300, 8900, 6100, 5150, 2100 B.P.). The 
oysters could be living in anything from 0 to 10 m, so that the exact levels are not 
indicated, but all lie within this range below the plotted sea level of our graph 
(Fig. 15). A specimen from a borehole at — 13 m from Poole Harbour, England, 
gave 9298 + 100 B.P. (Q — 181: GopwiIn ef al., 1958, 1959b). 

Melbourne, Australia provides evidence of an infilled (Ancylus) valley, which 
contains a fossil stump of wood indicating a sea level at — 22m about 
8780 + 200 B.P. (Sugss, 1954; W-95); a second dating of this material recently 
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Fig. 15. Selected radiocarbon dates for stable and delta regions. Note that all dates 
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deltas regions, regressions are not well recorded, but transgressive sequences are well 
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gave 8300 (Y-151, DrEvey et al., 1959). NILSSON (1948) puts the drowning of 
the Dogger Bank peats (North Sea) at about 8000 B.P. Peats at this level are 
found in many great deltas (STEVENSON, 1912). 

One of the most complete post-Wiirm subsurface sections is that identified 
in the plain of Lower Versilia, near Pisa, Italy (BLANC, 1937). The Yoldia 
equivalent may be followed as the marine Purpura transgression from below 
— 30m up to — 12m, when it was followed by a regression to — 15 m filled 
with fresh water sands, marked by a cool-wet climate. Purpura is associated with 
a faunal assemblage that is warmer than that of to-day in northern Italy, a 
most interesting feature, since it demonstrates that the post-glacial warming 
was far ahead of the eustatic rise. Pholads in the Purpura beds are found boring 
into the consolidated “lower peats” (dated 18,350 B.P., L-246; BROECKER et al., 
1956), which shows that this was the first transgression to this level since the 
Wisconsin Maximum. Similar evidence is found in the Camargue area of the 
lower Rhone (DENIZOT, 1949). 

The Ancylus Regression is also marked nicely in isostatically elevated regions. 
The retreat caused abandoned shore-lines, for example, in N.W. Greenland: a 
fossil whale at Thule 43 ft above sea level is 8500 B.P. (W-48) and a shell beach 
on Saunders Island at 80 ft is 8570 + 200 (W-72, Sugss, 1954). Since sea level 
was then about — 15 m, the latter would indicate a 40 m isostatic uplift. Here, 
even in Greenland, the raised beaches carry shells of warmer ecologic habit 
that the present beaches (No—E-NYGAARD, 1932). 

In the isostatically rising coast of Scandinavia traces of all these oscillations 
are now also well-exposed above sea level. Although radiocarbon dates are not 
adequate, pollen chronology fills in. From the Swedish flora, ANDERSSON (1910) 
determined the mean temperature to be 2:5°C warmer than to-day. 

The Ancylus Lake Emergence is followed by the Mastogloia Submergence, 
when sea level was about 8 m higher (from — 23 to — 15 m absolute, but in 
eastern Sweden the high level is now about + 57 m: FLORIN, 1944, 1948), the 
culmination being about 7700 B.P. A regression followed, corresponding 
closely to the well-marked “B.A.T.” (Boreal-Atlantic Transition) culminating 
about 7500 B.P. with the Clypeus Emergence. 

One may note that the eustatic curve derived from radiocarbon dates selected 
from the data from relatively stable regions (Fig. 15) indicates the Flandrian 
transgression as an oscillating rise to about 6000 B.P. on a mean gradient of 9 mm 
per year, followed by an almost horizontal series of oscillations, still continuing 
to-day. 

In isostatically rising areas like Scandinavia, the raised beaches are easily 
dissected and careful stratigraphy shows up the secondary oscillations of 
eustatic origin (see especially TANNER, 1930; HyyppA, 1937; FLoRIN, 1944, 
1948; SAURAMO, 1939, 1955; DONNER, 1952; ROSENDAHL, 1956). In particular 
it was established by TANNER (1930) that the beaches and “‘fossil” cliffs repre- 
sented only positive culminating movements of sea level or negative movements 
of the crust. Although negative crustal movements are probable in the peri- 
pheral areas, no evidence of crustal oscillation is seen in most of Scandinavia. 
Such oscillations have been suggested in western Sweden (VON Post, 1938) but 
possibly there may be some misinterpretation of the eustatic data. When the 
general isostatic curve for an area is known, then the amplitude of the minor 
eustatic oscillations can be established: these are best known from Finland. 
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Earlier interpretations of the Flandrian transgression have suggested a 
simple, smooth curve, flattening to present datum (BENNEMA, 1954; Fisk and 
MCcFaRrLAN, 1955; SHEPARD and Sugss, 1956). This curve is simply a generaliza- 
tion, but when the details are introduced, a more sophisticated secondary 
oscillation is seen to be superimposed. The existence of these oscillations have 
long been known in Scandinavia, and were suspected in part by a number of 
workers from other parts of the world (ScHUTTE, 1935, 1940; Gopwin, 1945; 
FAIRBRIDGE, 1948; NILSSON, 1948; NAKANO, 1954; VAN STRAATEN, 1954). 
The radiocarbon data are still not adequate to justify every single one of the 
eustatic oscillations demonstrated by raised beaches in Scandinavia, but most 
of them can now be regarded as “‘proven”’; the balance are suspected, and intro- 
ducing them on the curve (Fig. 15) is not inconsistent with the radiocarbon dates. 

That late Quaternary climatic and eustatic events were simultaneously 
recorded in both northern and southern hemispheres is now becoming well 
established, as shown by numerous dates in Fig. 15 (see also late Pleistocene 
material: Bropiz, 1957). The early and mid-Recent climatic oscillations of 
Patagonia are also found to match the northern pattern (AUER, 1958), but 
assumptions of extremely high eustatic levels here are taken to be misinter- 
preted; both post-glacial isostatic rebound and tectonic disturbance associated 
with vulcanism occur here. It is unfortunate therefore that SAURAMO (1955) has 
recently tried to apply Auer’s data to Finland; he remarked (p. 22) that he was 
puzzled that the general “‘eustatic”’ level should have dropped from the early 
Recent to the mid-Recent, while the climate was known to be improving. This 
is just another example of the danger of taking the data from a single locality 


as evidence for eustasy. 


G. THE — 10 m (53 fm) PLATFORMS 
Hydrobia—Ostende (Early Atlantic) Oscillation 

Following the Clypeus Regression another sharp rise of sea level occurred. 
About 7000 B.P. sea level had risen to only — 10 m below the present when a 
still-stand and brief oscillation interrupted the great transgression. In the North 
Sea basin, this rise is known as the Hydrobia Submergence, after a characteristic 
mollusc. In the classic Flandrian section, DuBots (1924) included these deposits 
in the upper part of his Ostende Beds; they range up to — 15 m. In Scandinavia 
this is the first of the Early Littorina raised beaches. The successive Early 
Littorina raised beaches of Scandinavia probably fit into the next millennium 
(see TANNER, 1930; SAURAMO, 1939; FLORIN, 1944; VIRKKALA, 1953; and 
others). In the Nile valley PFANNENSTIEL (1951) reports an equivalent trans- 
gression with marine beds from — 10 to — 20 m, his ““Wiirm II/III interstadial,”’ 
almost certainly an incorrect correlation. 

Dates from this transgression range from Britain to New Zealand. Wood 
from fluvial beds — 18 m at City Centre, Christchurch, N.Z., is dated (S. 84/522: 
SUGGATE, 1958) 8000 B.P. and these pass up to estuarine shells at — 5 m, dated 
6700 + 90 B.P. (S. 83/505). 

In the Mississippi delta, the change from coarse to fine deposition, which 
probably marks the Boreal—Atlantic oscillation followed by a continued rise of 
sea level, has been identified by numerous determinations to have occurred 
about 8000-7000 years B.P. (SHEPARD and Suess, 1956; BROECKER, 1957; 
BRANNON, et al., 1957). Dates from the Mississippi delta generally show the 


VC 


Eustatic Changes in Sea Level 161 


effects of compaction and subsidence, thus Broecker’s L-291B is — 25m 
although dated 7800 B.P.; it lies about 6 m below the “standard” curve, but 
some of this amount may be a factor of water depth. 

The emergent phase (6700-6300 B.P.) is widely developed in the Netherlands 
with the Early Atlantic peats; we suggest it be known as the “Rhine Delta 
Emergence,” since there does not appear to be a widely known term for it. 
The ancient Rhine delta has furnished very significant dated material. At 
Velsen the marine Hydrobia clay is about 1 m thick, ranging from — 15 to 
— 16 below datum, resting on a Boreal peat and sand. Radiocarbon dates by 
de Vries and Barendson show the top of the peat to be 7200 B.P., while Cardium 
edule shells from the Hydrobia clay gave dates from 7485 + 150 B.P. down to 
6905 B.P. (VAN STRAATEN, 1957, p. 171). Another date for similar shells at 
Amsterdam now at — 12 m is 6450 + 250 B.P. The environment was close to 
the low tide limit, but there may be a subsidence factor which lowers the horizon 
about 6-7 m below the “‘standard” curve (Figs. 1, 15). 

The same oscillation also seems to be represented by some peats from Ber- 
muda (L-111B) about — 7 m, which gave an average date of 6900 B.P. (KULP 
et al., 1951). Again from Australia, Unio shells from a cave midden deposit, 
estimated as older than the 3 m mid-Recent terraces of the lower River Murray, 
gave an age of 6030 B.P. (L-2715: BrogckKeR, KULP, and TUCEK, 1956). 

In contrast to deltaic areas, the isostatically rising areas can also yield some 
valuable information, and careful studies have permitted workers in Scandinavia 
to analyse differentially the twin factors of isostatically and eustatic rise. In 
Norway, for example, ROSENDAHL (1956, see his Fig. 2) shows a graph for rising 
sea level that clearly distinguishes a negative oscillation at 8000 to 7000 B.P. 
before rising to and passing above the present datum in the “thermal maximum.” 
In Ellesmere Land a raised beach of ‘““Hydrobia’’ time is now at 140 ft (43 m) 
and is dated at 7200 + 200 B.P. (L-248A: BROECKER ef al., 1956). In North 
America a late stage of the “Champlain Sea” (or “St Lawrence Sea” of 
TERASMAE, 1958) invaded the present Lake Ontario (HouGH, 1957); but nearly 
200 m of elevation now cuts the latter off from the ocean. 


H. THE 3-5 m (10-15 ft) OLDER PERON TERRACE 
Mid-Recent or Middle Littorina Submergence 

This is the culmination of the universal climatic and oceanic warming that 
began before the end of the Pleistocene. The level of the ocean continued to rise 
at a remarkable rate, damming back stream channels, etc., and depositing 
sediments classified as Flandrian (Calaisian substage). The highest position 
reached by this sea in most places was 3-5 m or 10-15 feet above the present, 
but locally (due to isostatic rebound, geodetic, tidal and other features) a higher 
figure may be recorded. 

It is doubtful if it is altogether wise to refer to this terrace as ‘‘Flandrian”’ 
since that term was applied originally by Dusols (1924) to the whole of the thick 
transgressive sedimentary sequence of the early and mid-Recent. The Flandrian 
transgression certainly reached its maximum at this stage, corresponding to the 
“Calais Beds” of Dusots (1924) and the ‘Tilbury Stage” of KING and OAKLEY 
(1936). By pollen correlation (GoDwIN, 1945) this high stage would have 
culminated in his Pollen Zone VIIa, the middle of the “Climatic Optimum” 
of Scandinavia, or “‘Atlantic” time (of the Blytt-Sernander pollen sequence). 
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If we date the positive phase from the midpoint on the rising (transgressive) side 
to the midpoint on the regressive side of the oscillation we can say that the period 
ranged from 6000 to 4600 B.P.; there may have been negative swings about 
5500 and 4900 B.P. 

A eustatic still-stand or slight emergence at this stage was first recognized in 
northern Europe by the Scandinavian geologists (TANNER, 1930, FLORIN, 1944, 
and many others) and in Britain notably by GrorGe (1932) and by GODWIN 
(1945), as the “‘Post-glacial” or “Early Neolithic Raised Beach”. In Scotland 
it is warped so that it is now over 10 m in places. In Norway and Denmark the 
same feature is ascribed to the “Tapes Transgression,” and in the Baltic to the 
“Middle Littorina Transgression.” Since these areas have been rising iso- 
statically there are multiple Tapes and Middle Littorina beaches (L-II, 3-6, 
FLORIN 1944, 1948). However, the brief eustatic transgressions were generally 
more rapid than the isostatic uplift, so that the raised beaches tend to mark 
only the culmination phases. The number of multiple beaches therefore gives 
an excellent indication of the temporary negative oscillations of sea level that 
followed the high stages during the Mid- and Late Recent (Older and Younger 
Peron, Abrolhos, Rottnest Terraces). 

In the Mediterranean the finer distinctions have not yet been worked out, but 
the main level is known as the Nizza Terrace. The 3 m eustatic terrace of the 
stable regions in general was probably initiated at this time of still-stand, and 
was further sculptured during mid-Recent high stands, though it was left dry 
by the slight downcutting that immediately followed each of the high stages. 
On Samothrake the Nizza terrace at 3-4 m is overlain by white pumice believed 
to have been washed ashore after the great Santorin eruption on Thera about 
3000 B.c. (BUTZER, 1958). 

The name proposed from the U.S. Atlantic coast by MACNEIL (1950) “Silver 
Bluff” refers to two Recent terraces (approx. 3 and 2 m) which are here made 
more distinctive by calling them Upper and Lower. 

The 3 m beach in question has been recognized in many parts of the world 
and is distinguishable from all older terraces in that it is not cut through by any 
erosion features which would point to a sea level that has been subsequently 
lowered much more than a few metres. It often has an extremely “fresh” look 
and in regions of low tidal range the inner parts of it are generally intact, though 
the outer margins are suffering present-day destruction. There is often con- 
siderable confusion between this terrace and the two late Pleistocene terraces at 
about 5 or 8m and the still younger terraces of 60cm and 1-5-2m. DALY 
(1920) for example, had them all mixed up in complete confusion. Radiocarbon 
dating is urgently needed to unravel them and their associated fluvial terraces 
and other land forms. In areas of vigorous wave erosion (e.g. through much of 
the Central Pacific) the 3 m platform is completely destroyed; in others it may 
represent merely a vaguely traceable higher “step” above the 2 m level. DOUGLAS 
JOHNSON (1933) and others were convinced it is a simply a contemporary 
“storm bench’’.* 

The present writer was originally under the impression that the 3 m platform 
was cut by a single high stand of the sea, on the basis of field studies initially 


* As recently as 1957 C. A. Corton (p. 759) wrote: ‘‘The supposed evidence for a quite 
high ‘thermal maximum’ ocean level dating back at least 4000 years seems to be wearing 
thin ” 
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made in Western Australia (Abrolhos, Cottesloe, Rottnest, Pt. Peron, Cowara- 
mup Bay, etc.: FAIRBRIDGE, 1948, 1950a; TEICHERT, 1947, 1950; FAIRBRIDGE 
and TEICHERT, 1953). The “Peron Platform” appeared to be a satisfactory 
designation. 

Radiocarbon dating indicates a positive 3 m sea level at times ranging from 
5900 to 3700 B.P., but there seems to be a negative swing of 5-6 m between the 
two “highs” (see “Bahama Emergence,” in the next section). However, no 
geomorphic or stratigraphic distinction has yet appeared practicable, and 
owing to paucity of dating, absolute certainty is not yet possible. In conse- 
quence we are using here an interim terminology: an “older” and a “‘younger 
Peron Platform.” 

The post-Hydrobia transgression reached present sea level at about 6000 B.P. 
Several New Zealand dates near Christchurch mark the very early stages (— 4 
and — 3 m, at 6700 and 6100 B.P.) and there is an English figure from Burnham- 
on-Sea (— 5 m, at 6260 B.P.) according to GoDwIN ef al. (1958). A Texas date 
gives the base of an oyster bank (— 15 m, at 6100 B.P., SHEPARD, 1956) which 
is 9m thick, so that the top must have approximated 7 m below present sea 
level. A Morocco date marks the transgression above present sea level at 
5970 + 130 B.P. (L-398B: BROECKER, personal communication). A thalasso- 
static fluvial terrace at Pinjarra, Western Australia, contains wood 6 m above 
sea level that is dated 5680 + 120 B.P. (Y-327; Deevey et a/., 1959). In Borneo 
(Butir, in Brunei) the transgression is marked by shell beds dated at 5400 + 
200 B.P. (courtesy of G. E. WILFoRD and W. S. BROECKER). 

A British date gives a sea level at zero once more at Tealham Moor (Somerset) 
at 5412 + 130 B.P. (GopwiINn et al., 1958); another date from mangrove wood, 
at present between tide-marks where it originally grew, is also a good indication 
of a zero sea level at this time; it comes from Takoradi Harbour (Ghana) and 
was dated 5570 + 70(GRO-1194; DE VRiEs and WATERBOLK, 1958). The earliest 
date for the 3-4 m high sea level in the type area is that of a raised beach, the 
innermost (oldest) part of the Older Peron sequence in Western Australia, with 
5120 B.P. (Y-324, DeEvey, 1959; see also FAIRBRIDGE, 1958); the top of this 
raised beach reaches 7 m, but with a tidal range of less than 2 m, a storm beach 
in this area does not reach more than 4 m over its low-tide datum (i.e. 3 m). 

A late date of this high sea level is for wood in a fluvial gravel near Grey- 
mouth, New Zealand, which gives 4600 B.P. + 70 B.P. (N.Z. 13, FERGUSSON 
and RAFTER, 1954); the gravel rests at 5 m above sea level on a marine terrace 
of approximately 3 m. Additional evidence of such a high stand comes from a 
Melbourne, Australia, sample (W-170, RuBIN and Suess, 1955; GILL, 1956), 
dated 4830 B.P.; this is a teredo-bored piece of wood from a black marine silt 
full of shells, which should probably be correlated with the 3 m strandline 
according to Gill. 

Another figure corresponding to this time is 5150 + 550 B.P. for an oyster 
reef (borehole XS. 384) in San Antionio Bay, Texas (SHEPARD, 1956), at present 
found at a depth of 6 m below sea level; since the oysters may well have been 
living in greater depths of water this could also mean a higher sea level. Sample 
0-142, from the relatively unwarped part of western Louisiana, dates the marine 
shelly sands that are 3 m below the surface of, and overlain by the Oak Grove 
Ridge (Grand Chenier), with 4550 + 130 B.P. (BRANNON et al., 1957); the exact 
position in relation to sea level is not clear. 
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Brackish water shells overwhelmed by the advance of a natural levee associated 
with the sea-level rise in the Mississippi delta are found at — 7 m and are dated 
at 5600 B.P. (0-72, BRANNON ef al., 1957); here a few metres subsidence is 
involved. Another sample there dates the shoreline at — 7 or 8 m at 4800 B.P. 
(0-119). This is the so-called “‘Maringouin Stage” of the Mississippi delta, 
where considerable subsidence has taken place; at the site of 0-119 subsidence 
and compaction probably amount to 10 m during the last 5000 years. 

Two dates for peat in Florida correspond to this time, L-141C, 5050 + 200, 
and L-141A, 4900 + 200 (KuULP et al., 1952). They come from 1-5-2 m below 
the surface of the Everglades south of Lake Okeechobee, but the degree of 
compaction is not clear. 


I. THE BAHAMA EMERGENCE 
Approximately — 4m Below Present Datum 

In the time-span between the Older and Younger Peron Terraces, numerous 
dated peats have been discovered, somewhat below present datum (the contem- 
porary low-tide level). The range is approximately 4600-4000 B.P. Many of the 
““Mid-Recent” buried peats and drowned forests (see, for example, REID, 1913) 
may belong to this phase. 

The type area is taken from the Bahamas (FAIRBRIDGE, 1958) with a mangrove 
peat (excellent intertidal indicator) from — 3 m on Bimini, which gave 4370 + 
110 B.P. (L-366: BRoECKER and KuLp, 1957). 

A New Zealand drowned forest buried in Hutt Valley in 4470 + 100 and 
4400 + 100 (N.Z. — 30 and 31) suggests emergence at this time (STEVENS, 
1956; FERGUSSON and RAFTER, 1957). A Netherlands (Velsen) date of 
3970 + 150 B.P. indicates a 5 m low, but some subsidence and compaction are 
involved (VAN STRAATEN, 1957). The interesting feature is that the Hydrobia 
series of Velsen (ca. 7000 B.P.) were capped by the intertidal Scrobicularia facies 
which show this date of a little after 4000 B.P., thus suggesting that any deposits 
corresponding to the older Peron submergence at Velsen were swept away 
during the Bahama emergence. 

Although inland Maine is known to have isostatically risen, its southern coast 
may not be so far from the standard, because at Sagadahoc Bay, a tree stump 
1 m below high tide level is dated at 4150 + 200 B.P. (L-118, KuLp et al., 1952); 
it may indicate very little crustal warping in this marginal area, if the sea level 
was perhaps 3 m lower then. The same low sea level is reflected by a drowned 
forest on the coast of New Hampshire at Odiorne Point, near Portsmouth, 
where pines grew below present high tide (Y-156, 4190 + 70 B.P.: DEEVEY 
et al., 1959). It is marked in all probability also by the Boylston St. Fishweir 
of Boston, Mass. (JOHNSON, 1942-49; BARGHOORN, 1953b), an aboriginal 
Indian structure now well below sea level. Barghoorn also notes evidence of a 
very slight rise of level here in the last three centuries, but this may be the usual 
10 cm per century rise, plus a small compaction factor being over a young 
alluvium. From Venezuela comes a similar indication, an aboriginal kitchen 
midden extending below present sea level at Punta Gorda, and dated 4150 + 80 
(Y-497: Deevey et al., 1959. Also personal communication, Prof. IRVING 
ROUSE). 

A Mississippi delta date of 4370 B.P. for marine shells, indicating — 18 m 
illustrates the same phase (L-291A, BROECKER and KULP, 1957), but in the 
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locality (a bore), there seems to be a continuous sequence up from L-291B 
(7870 + 170 B.P.) which is 120 m below. 

There are widespread submarine platforms at 14-2fm (—3 to — 4m). 
These are exceptionally well developed off the west coast of Australia where they 
have been explored by means of scuBA (“‘aqualung” apparatus) by the writer 
and his students. A striking feature is the hard flat top of the platform and its 
“freshness”; it is not extensively broken up or dissected by wave-action and 
being mostly bare rock (a well-cemented calcareous eolianite) it displays many 
features of intertidal erosion. It has not yet been possible to date this 
platform with precision, although it is clearly very closely related to the Peron 
terraces. 

Pollen analysis recognized the Bahama Emergence as a cool oscillation 
toward the end of the Main Atlantic stage, and the time about 4300 B.P. 
(2350 B.c.) is often marked as a phase of glacier advance (beginning of the 
Matthes “Little Ice Ages,” according to DeEvey and FLINT, 1957). In South 
Australia this cool wet phase is marked by a Devon Downs cave deposit 
“younger than the 10 ft terrace” (i.e. post-Older Peron), dated 4290 + 140 B.P. 
(L-271G BROECKER ef al., 1956). One may note again the synchronism of 
northern and southern hemisphere climatic oscillations. 

In the cool temperate belt of Northern Europe, the peat sequences are inter- 
rupted by periodic desiccation and oxidation zones, followed again by renewal 
of peat growth. GRANLUND (1932) described these as ‘“Grenz” or Recurrence 
Horizons. They represent cool dry conditions between warm phases. They 
occur at approximately 750 (I), 1550 (ID), 2550 (III), 3150 (IV), and 4250 (V) 
years B.P. It can hardly be coincidence that each of these corresponds to a 
eustatic emergence. Naturally the exact timing of the recurrence from one peat 
swamp to another will vary, but within a century or two there is a widespread 
correlation. 

The same recurrence horizons are tentatively identified in North America, in 
Labrador, by WENNER (1947), but farther south the correlation is less precise. 
The Labrador peats are associated with raised shore terraces at heights closely 
analogous to those of southern Finland. 

In the Baltic area, the Bahama Emergence had widespread significance; not 
only did it separate the very well-marked Middle and Late Littorina raised 
beaches by a major regression, but it cut off the seaway across the Karelian 
Isthmus to the Arctic Ocean. By the time of the late Peron (late Littorina) 
transgression, the isostatic uplift had permanently closed that connexion 
(TANNER, 1930). In Norway the beginning of the cooler conditions is marked by 
the Mactra beach (OyYEN, 1910). 


J. THE 3-m (10-ft) YOUNGER PERON TERRACE 
Second Mid-Recent Submergence 


After what appears to have been a brief regression, there followed another 
transgression to a level about 3 m or 10 feet above present sea level, that lasted 
from about 4000 to 3400 B.P. This is a widely known warm climatic phase. 

A characterisitic belt of shelly beach ridges of this elevation on Rottnest 
Island, off Western Australia, first described by TEICHERT (1950) south of Lake 
Baghdad, was sampled by the writer. The frontal part of the ridges are quarried, 
but quite protected from storms. About 20 feet in from the outermost ridge, 
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specimens of clean pelecypod shell, Y-337, gave 3950 + 90 B.P. (DEEVEY et al., 
1959). 

Beach ridges and platforms of this altitude, and apparently of this age are 
world-wide in development. Their practical identity in height with the Older 
Peron Terraces makes it impossible to distinguish them by general geomorphic 
procedures; merely they represent the youngest terraces and beach ridges 
formed by a sea that was 3 m above the present. 

Since there may be an element of doubt about the exact level of the sea 
responsible for a beach ridge, the Rottnest dating is not quite so valuable as 
another recent figure obtained from southern Queensland, Australia: a 3 m 
emerged coral reef in Moreton Bay (which is now too cold for living reefs). 
The date is 3710 + 250 years B.P. (W-443, RuBIN and ALEXANDER, 1958). 
The close of the “high period” is marked at 3400 + 250 B.P. by a Tridacna 
embedded in massive coral 1 m above low tide at Guam (W-370, RUBIN and 
ALEXANDER, 1958). 

A date of 3479 + 200 (C-669, Lippy, 1952) has been attached to oyster shells 
in a beach rock on Saipan (Marianna Islands); unfortunately there is no infor- 
mation about its elevation except that it is older than the 2-m platform and lies 
one-half mile inland. A very similar date (3600 + 400) was obtained from peat 
associated with a higher sea level in Alaska (BROECKER, KULP and TUCEK, 
1956); this is L-137J from Nushagak Bay, Alaska, which suggests again the 3-m 
submergence. Shells from 2 m raised beaches of the “basse plage quaternaire” of 
Algeria (near Tipasa, see STEARNS, 1956) gave 3990 + 200 B.P. (L-241B), 
according to BROECKER (1957). The level is lower than usual, but GiGouT and 
GOURINARD (1956) have indicated youthful warping here. 

In the Mississippi Delta this transgressive phase was marked by the Teche 
stage (of BRANNON ef a/., 1957), and intertidal deposits are now found at — 2 to 
— 4m below present datum (respectively 0-111 or 3550 B.P., and 0-101 of 
3800 + 120 B.P.) indicating compaction and subsidence of 5 to 7m (1-5 to 
2mm annually). A Florida peat also probably showing some compaction, is 
found near present sea level in the Everglades: L-141B, dated 3800 + 200 B.P. 
(KULP ef al., 1952). Two dates for wood and peat, mark fluvial terraces 5 m 
above mean sea level at Christchurch, New Zealand, respectively 3720 + 100 
and 3570 + 70 B.P. (N.Z.—27 and N.Z.—24: SuGoGate, 1958). 

In Scandinavia this age corresponds to the Late Littorina Terraces (L. VI of 
SAURAMO, 1939) and Tapes Terrace, OYEN (1910). From the archeological material 
associated with them, these beaches correspond to the end of the Neolithic. 


K. THE CRANE KEY EMERGENCE 
Approximately — 2m Below Present Datum 

Following 3400 B.P. there was a sharp drop of sea level during which the 
early Subboreal peats were formed along the newly emerged coastlines. The 
type location is Crane Key, in Florida, where Ginsburg collected peats 2 m 
below the soft intertidal mudflats of the mangrove islets in Florida Bay, dated 
3300 + 240 B.P. (W-149, RUBIN and Suess, 1955). The area has been examined 
also by the writer and the impression obtained that owing to the proximity of 
hard limestone “‘bedrock,” there is relatively little opportunity for compaction 
at the base of the sequence. This seems to be a good indication that sea level 
was then | or 2 m below the present. 
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From the climatic point of view, there is evidence from Alaska of a sudden 
glacial advance approximately at 3300 B.P. This, and a number of other dates 
in the younger ranges (thus most accurate), seem to show such a close correlation 
between lowering of sea level and glacial advance that there now seems little 
room for any eustatic time-lag, at least in respect to the minor oscillations. 

The pollen surveys of northern Europe, suggest that at the completion of the 
Altithermal or Atlantic stage, there was again a general cooling, marked by the 
Bronze Age and Subboreal pollen stage (about 3400-2600 B.P.), during which 
there were brief oscillations. GRANLUND’s (1932) peat recurrence No. IV falls 
about 3150 B.P. In the old Zuider Zee area of the Netherlands the Subboreal 
peats are associated with a marine Cardium-clay horizon (DE VRIES et al., 1958), 
GRO-377 being 3315 + 90 and GRO-378 being 3505 + 120 B.P. A shelly 
horizon was also noted in West Friesland, resting on peats; this was GRO-617 
at 3240 + 140 B.P. 

In Venezuela, aboriginal shell refuse heaps descend below sea level at La 
Aduana (Y-296 g, 3570 + 130 B.P.) and El Heneal (Y-455, 3400 + 120 B.P.: 
DeeVvEY et al., 1959) according to ROUSE (personal communication). 

Although there is limited evidence it seems that there was a small upward 
swing of sea level about 3000 B.P., which may not have brought it above present 
datum. In time this corresponds to the first “‘Post-Littorina” beaches of the 
Baltic (PL. I of SAURAMO, 1939; the “‘Trivia” beach of OYEN, 1910; also known 
as the beginning of the “Limnaea” stage). 


L. THE PELHAM BAY EMERGENCE 
Approximately — 3 m Below Present Datum 
After the brief upward swing about 3000 B.P., a further drop occurred that 


lasted till 2600 B.P. Several radiocarbon dates attest to the lowered sea level 
of this main Subboreal time. The most acceptable is for a drowned forest at 
Throggs Neck in Pelham Bay, New York, which gave 2830 + 200 B.P. for a 
fossil stump in position of growth in a formation ranging from M.S.L. down to 
— 3 m(C-943, Lippy, 1954b). A second figure is for a drowned forest in Maine, 
indicating sea level 2 or 3 m below the present (W-396; RUBIN and ALEXANDER, 
1958) with a date of 2980 + 180 B.P. Still another low level wood is from 
McDowell Co., North Carolina, where sample L-167A (BROECKER et al., 1956) 
dated 2680 + 300 B.P. occurs at the base of a peaty silt 2 m below the present 
flood plain. 

A useful figure for the compacting and subsiding transvalley section of the 
Mississippi delta is for sample L-125A, a fossil wood near the Atchafalaya River 
55 miles West of New Orleans, Louisiana; this was found at — 7 m and dated 
2900 + 300 B.P. (BROECKER, 1957). 

Beach ridges, or “‘cheniers’”’ tend to build out on a shallow coast during an 
emergence. In Lousiania the older cheniers (the “Little Chenier”) appropriately 
seem to extend from the beginning to the middle of the Pelham Bay Emergence. 
Chenier shell samples 0-6, 0-12A, 0-13A, 0-22, 0-29 range from 3150-2520 
(+ 100) B.P., according to BRANNON et al., 1957. 

Peats tend to develop in the swamps behind the beach ridges, and the vegeta- 
tion and especially trees buried by the muds of a transgressive sea should 
normally give dates for the regressive phase. The Pelham Bay trees are 2830 
B.P.; Louisiania peats of the St Bernard stage (0-64, 0-115, 0-90) date 2650, 
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2400, 2320 B.P. (BRANNON ef al., 1957) and (unless contaminated by young roots) 
suggest continued growth during the initial stages of the Abrolhos transgression 
till about 2300 B.P. 

During the last few centuries of the Pelham Bay the sea level must have 
oscillated close to the present. The Pelham Bay Emergence is marked in northern 
Europe by a peat recurrence (No. III) at about 2550 B.P. Interestingly enough 
this correlates with an important Alaskan glacial advance, another of the so- 
called “‘Little Ice Ages” of the Recent period. This is the time of the “Fairbanks 
Drought” (of ANTEvs, 1955a) in the arid regions of the southern Rocky 
Mountains. 

In the Netherlands, at Velsen, the “Older Estuarine”’ series (Younger Peron 
equivalent) were cut through by a channel 12 metres deep: according to our 
graph this downcutting would have reached its maximum in the Pelham emer- 
gence, but probably 6 m of this figure is represented by scour below the minimum 
sea level. The channel is filled by the “Younger Estuarine” series which dates 
to the Abrolhos stage (next section). A widespread downcutting at about this 
time is recorded elsewhere in the Netherlands (Zwart, 1951). 

One of the best-studied sections of the Middle and Late Recent in England is 
the pollen-dated section at King’s Lynn (Gopwin, 1940); it is clear that a com- 
paction factor must be allowed for this fenland area, but the shape of the curve, 
plotted from the sequence of levels identified by Godwin, is more than striking 
when compared with our radiocarbon-controlled curve. Godwin found the 
following sequence from bottom to top: bed A (British pollen zone VIT[a-Main 
Atlantic) sea level at — 7m; B (VIla) — 3-2 m, C (VIla) — 5-2 m, D (VIJb) 
plus 60cm, base E (VIIb) — 1-5 to —3m, top E (VII-VIII) — 3-4m, F 
(VIH-VIII) plus 0-6 to 1-5 m, H (VIII-Subboreal) — 2:1 to 2-5 m. The distinctive 
recession of bed E between two horizons of high sea level fits the world pattern 
of the Bahama Emergence at 4300 B.P., and bed H the Pelham Bay “low” of 
3000 B.P., the pollen record corroborating. 

Even areas of clear isostatic and local tectonic activity, such as northern 
Ireland, show this mid-Recent oscillation. Movius (1953) placed the emergence 
precisely in the subboreal stage (about 3000 B.P.) as recognized from stable 


areas. 


M. THE 1-5-2 m (5-6 ft) ABROLHOS TERRACE 
Recent, “Dunkirk,” Limnaea or Post-Littorina Submergence 

From about 2600 to 2100 B.P. the sea level seems to have risen briefly to a 
level slightly above present datum, to 1-5 m. It is widespread and particularly 
well marked in the Pacific and Indian Oceans (STEARNS, 1941, 1945; KUENEN, 
1933). One of its best documented descriptions is from the Abrolhos Islands of 
Western Australia (TEICHERT, 1947; FAIRBRIDGE, 1947). 

This terrace is frequently confused with the Mid—Recent (3 m) terraces, but 
may be clearly distinguished from them in areas of limestone shore platforms 
on an altitude basis alone. Raised beaches, however, often cover both terraces, 
making accurate collection of shell material for radiocarbon work somewhat 
complicated. The terrace is generally closely associated with the 3 m level and 
is certainly very close to it in time. In Flanders the sediments formed during 
this oscillation are known as ““Dunkerquian” (or Dunkirk I beds, according to 
TAVERNIER and MOorRMANN, 1954). 
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On low sandy coasts of warm latitudes there is often a barrier island, emerged 
off-shore bar or fossil dune (dating from the Monastir or Peron stages), that 
provided an outer barrier for lagoons in later history. These are generally the 
sites of very extensive molluscan shell flats which we have observed on the 
southern shores of the Mediterranean, in the Persian Gulf and in Australia. 

Several radiocarbon dates of slightly emergent features seem to correspond 
to this level, but greater precision is needed. 

On North Bimini, Bahamas, there is a beach rock emerged 2 m that dates 
2300 + 200 B.P. (L-321A: BrocKER and KuLpP, 1957). On the west side of 
Andros Island, Bahamas, there are extensive aragonitic mudflats or ‘“‘drewite”’ 
(sometimes described as being formed by contemporary bacterial action). The 
surface is now about 60 cm above M.S.L. (J. Impriz, personal communication). 
The top layer dates 2330 + 100 and at 74cm depth it is 2660 + 100 B.P. 
(L-418D, L-418E, OLSON and BROECKER, 1959). From the South Pacific on 
Raroia Atoll, a coral “negro head” on a truncated coral reef platform (original 
elevation unknown) collected by N. D. Newell was dated 2680 + 90 B.P. 
(L-258A, BROECKER, KULP and TUCEK, 1956). 

In the classic Netherlands section at Velsen, the ‘““Younger Estuarine Series” 

filling the channel of Pelham Bay age has Scrobicularia and Cardium shells that 
are dated 2420, 2305 and 2195 B.P. (VAN STRAATEN, 1957). Although the depth 
is 3-6m below datum, these dates are arranged in a transgressive marine 
sequence. From New Zealand on Hauraki Plains a raised beach of this emer- 
gence (NZ-45) was dated 2270 B.P. (FERGUSSON and RarTer, 1957). A fluvial 
terrace with wood at Christchurch (NZ-26) is 2402 + 100 B.P. (SUGGATE, 
1958). 
In the Louisiana region, the Perdue chenier ridge developed at the end of 
the Abrolhos “high” and during the early stages of the succeeding Florida 
emergence. Comparison with the glacial data from Alaska suggests that this 
still-stand was terminated by a sudden drop of sea level about 2000 B.P., 
initiated by a recurrence of one of the “Little Ice Ages” of MATTHES 
(1939). 

In the Scandinavian (BLYTT-SERNANDER) pollen sequence this would corres- 
pond to the end of the Subboreal time and the beginning of the older Subatlantic, 
which was milder and moister. In the Baltic this high level is marked by the 
Limnaea Stage with post-Littorina (PL-II, III) raised beaches (SAURAMO, 1939). 
In the Norwegian sequence of raised beaches it is the Ostrea stage of OYEN 


(1910). 


N. THE FLORIDA EMERGENCE 
Approximately — 2m Below Present Datum 

Following upon the Pelham Bay emergence and succeeding high (“Five Foot’’) 
Abrolhos terrace occurring at plus 1-5 m, there appears to have been a further 
slight drop of sea level (about 2100-1600 B.P.), corresponding to the Older 
“Subatlantic” (temperate) cycle, beginning perhaps with a slight advance of 
northern glaciers recognized by the glaciologists just before the beginning of the 
Christian era. In San Antonio Bay an oyster reef at — 3 m may have grown in 
about 1-2 m depth, so the sea would have been just below to-day’s level as no 
appreciable subsidence is suspected there; it is dated at 2100 + 300 B.P. 
(SHEPARD, 1956). After 2100 B.P., the sea level dropped further, Shepard’s San 
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Antonio Bay oyster reef died from exposure and peats accumulated in southern 
Florida down to a level of at least 2m below M.S.L. 

These Florida peats seem most characteristic of the time. BROECKER, KULP 
and TUCEK (1956) dated them at 1700 + B.P. We propose to call this time the 
“FLORIDA Emergence” (FAIRBRIDGE, 1958). It coincides in part with the 1500 
B.P. “Little Ice Age” of the glaciologists, and Granlund’s peat recurrence No. 
Il. The same time is the “Whitewater Drought” of the arid South-West 
(U.S.A.) according to ANTEvs (1955a). On the west coast (Oregon), a drowned 
forest of about — 2 m has been dated at 1730 + 160 B.P. (W-390, RUBIN and 
ALEXANDER, 1958). 

Radiocarbon dates have recently been applied to areas of late Recent marine 
sedimentation in the Gulf of Paria, between Trinidad and Venezuela (VAN 
ANDEL and Postma, 1954) which help fill in the picture of Dunkirk time. The 
early Recent (Flandrian) transgression buried this whole area in a blanket of 
blue mud, which is mostly well compacted and cut off by an unconformity 
(generally about 4-5 ft below the surface in the eastern Gulf). The upper parts 
of the clay contain shells in positions of growth dated 3175 down to 1645 + 
160 B.P. The unconformity probably indicates a regression causing wave-base 
erosion to the 3-4 fm line, reaching a minimum about 1500 B.P.; this seems to 
be our “Florida Emergence”’. 

Near the present channel of the Mississippi at Lake Pontchartrain above New 
Orleans, a wood sample L-291Y, dated 2050 + 150 B.P. (BROECKER ef al., 
1957) was found at — 4m. A shell sample, also in the New Orleans area, 
L-175D dated 1400 + 200 B.P. (BROECKER et al., 1957) was again found at 
— 4m. In the Mississippi delta area a number of wood or peat samples, 0-118, 
0-117, 0-62, 0-114 (BRANNON et al., 1957) indicate a low sea level, oscillating 
a little perhaps, but rising toward the close of this period, respectively at 1500, 
1250, 1200 and 1150 B.P. (2-6 m below present, of which about 2-4 m may be 
local subsidence). Some oscillation in the latter part of the period is also 
suggested by 0-100 (1380 B.P.) where shelly and clayey sand is covered by a bay 
facies at — 2m. (These dates are all + 100 years.) 

A low sea level in the period 2100-1600 B.P. (150 B.c. to A.D. 350) should 
nicely straddle the Roman era. Classical records are not easy to follow, but 
data from Britain, Italy, and the eastern Mediterranean suggests a low sea level 
at this time. Apart from notoriously unstable and volcanic areas, there is wide- 
spread evidence of the “drowning” of Roman coastal constructions (PEARSON, 
1901; BALL, 1939; HAFEMANN, 1955; PANNEKOEK, 1956). HUTTON and 
LYELL (1830-33) discussed this phenomenon at length. Hutton (see PLAYFAIR, 
1802) in particular concluded that Scandinavia appeared to be rising and south- 
ern Europe was sinking. We now know that in Scandinavia isostatic “rebound” 
is active, but in the Mediterranean a 2 m mean rise of sea level would explain 
the major anomalies of Roman times. 

Climatically the Florida Emergence undoubtedly coincides with a universal 
cool phase. In Finland TANNER (1930) calls it his phase VII, the great “Climatic 
Depression” of the Scandinavian Iron Age. But this same oscillation produced 
the mild humid conditions of the Mediterranean, thus aiding the development 
of the Roman Empire. This is just another example of what is a climatic 
“amelioration” in one place may be a “‘deterioration” in another (COOPER, 
1958). 
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O. THE 60 cm-l m (2-3 ft) ROTTNEST TERRACE 
The First Millennium or Mya Submergences 

Terraces at very fine subdivisions below 2 m are extremely difficult to recognize 
and would normally be indistinguishable from slightly eroded (or locally 
subsided) sectors of older and higher shore platforms. The first to recognize 
one was KUENEN (1933) who reported a 0-5 to 1 m bench in the East Indies. It 
also occurs in the Abrolhos Islands (FAIRBRIDGE, 1947). 

On Rottnest Island, off the Western Australian coast, it is best developed. 
TEICHERT (1950) was able to identify here a similar slightly emerged strand line, 
now protected from wave erosion by the development of sand dunes across the 
head of a series of small bays, converting them into salt lakes (still susceptible 
to tidal oscillation). Shells, bivalves, in position of growth are now 30 cm out of 
water at low tide. Traces of an erosional platform mark the 60 cm level. In the 
Abrolhos Islands dead Acropora fans (a type now found living just below low 
tide level only) are to be seen up to 60cm above low tide, and an erosional 
terrace occurs in places at this height, sloping up to 90-120 cm with a distinctive 
notch in the low cliff of the older 1-8-2m platform. Traces of this same 
platform have now been recognized in many places (FAIRBRIDGE, 1950a, b, 1952, 
1956). 

The time of the Rottnest Terrace is probably about 1600-1000 B.P. (A.D. 350- 
950) with a minor negative swing at 1350 B.P. (A.D. 600). Extensive floods of 
low-lying coastal lands are recorded in historical records in western Europe in 
the middle and toward the end of the First Millennium A.D. (PEARSON, 1901; 
BENNEMA and Pons, 1957). In the Netherlands vigorous dyke-building was 
stimulated by the second of these rises of sea level, being added to the compaction 
and secular subsidence of the North Sea basin. 

Both geological and historical records suggest the minor negative swing about 
1350 B.P. (A.D. 600). Confirmation of this comes from Flanders, where TAVER- 
NIER and MoorMANN (1954) recognize two transgressive phases, the first and 
major one the Dunkirk II (about 1600 B.P.), and the second, the Dunkirk III 
(about 1000 B.P.). These correspond with the Mya Stage of the Baltic which is 
associated there with the youngest “‘Post-Littorina” raised beaches. In Holland 
they are called the “post-Roman” and “‘post-Carolingian” transgressions 
(PANNEKOEK, 1956). 

On the coast of Maine, at Sagadahoc Bay a bank of Mya clams, now within 
the tide range, were killed when sea level dropped again; the radiocarbon date 
is 1050 + 160 B.P. (W-40, Suess, 1954). In western Louisiana, the main beach 
ridge “Grand Chenier-Oak Grove Ridge” should also date the negative 
oscillation (see 0-8, 1220 + 100 B.P.). 

In the Mississippi region, after the Florida emergence, the transgressive 
Lafourche stage set in, significant samples being mostly intertidal or peat 
facies buried by advances of the natural levees as the sea level rose, thus 0-141, 
0-118, 0-100, 0-117, 0-150 (dated 1520, 1500, 1380, 1250, 1150 all + 100 B.P.: 
BRANNON et al., 1957). 

In the Bahamas, the Andros I carbonate mudflats, which began to form about 
2600 B.P. during the Abrolhos transgression, continued to develop from the 
late Florida stage (W-330, 1675 + 200 B.P.) into the Rottnest transgression 
(W-453, 1025 + 400 B.P., RuBIN and ALEXANDER, 1958). Standing tree 
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stumps, now intertidal at Waitotara, New Zealand, dated 1020 + 60 B.P., may 
represent a 1 or 2 m rise of sea level, but there may also be a small tectonic 
factor here (FLEMING, 1957, sample T920/3). 


P. THE PARIA EMERGENCE 
Approximately — 2m Below Present Datum 

While exploring along the Western Australian coast with scuBA (“‘aqua- 
lung’’) equipment in 1955, the writer discovered traces of a very recent low sea 
level. We had long known that there was a “‘submarine undercut” along the 
outer edge of the shore platforms, which was not being eroded to-day, being 
covered by a growth of algae, small corals, etc., but nevertheless a fairly recent 
erosional feature. It is found with a notch 3 to 10 feet below low tide level and 
extending 3 to 25 feet under the platform margin. Locally large segments of the 
margin of the platform (e.g. on the West coast of Garden Island) are broken up 
by collapse of the deep undercut. At one place, Eric Street “‘Pool” Cottesloe, 
there is a “fossil” beach-rock containing rounded boulders of coral at 6-9 ft 
below tide level. Here is undoubted evidence of a quite youthful intertidal zone 
at 2-3 m below datum. There is no conclusive evidence but from its freshness 
it would seem to be younger than the last, “Rottnest” transgression of + 1 m 
(about 1200 B.P.). 

It is interesting that a terrace at — 2 to — 3 m (below low tide limit) has been 
noted in several parts of the world and may be a compound of several Recent 
emergences. It was recently recorded in Morocco by STEARNS (1956) in this 
case the figure given was — 4 m, but the datum was M.S.L. and a tide range of 
4 m would put the figure at — 2 m below low tide level. 

In the Gulf of Paria the survey by VAN ANDEL and PosTMA (1954) showed that 
after the “Florida Emergence,” transgression followed at about 1000 B.P., 
bringing in a greenish clay, which still persists in the centre of the basin. Towards 
the margins however, evidence of a second emergence is provided by cliff- 
retreat, bottom scouring, and sand invasion. A date for a critical point in 
this regression is 700 B.P., given by three different samples (21, 48, 212) of shells 
suddenly killed, apparently by change of salinity. Reference to our curve 
suggests a clear correlation between this and a “‘post-Rottnest emergence”’ 
culminating at 700 B.P. (A.D. 1250). We propose to call this last event the 
“‘PARIA Emergence.” Like the other emergences there was also a “Little Ice 
Age” recorded by the glaciologists at 700 B.P. There was likewise a peat 
“recurrence” (“‘No. I’) in the cool temperate belts (GRANLUND, 1932). This 
was the time of the “Great Drought” of the arid south-west (U.S.A.) according 
to ANTEvs (1955a). The emergence is also apparent in historical records 
(PEARSON, 1901). 

In the Mississippi delta area, the Plaquemines stage set in; sample 0-87 (800 + 
100) of BRANNON et al., 1957) is wood and peat from 1-2 m below present sea 
level, and 0-94 (750 + 100) is — 1 m. It would seem from our curve that about 
1 m of local compaction or subsidence might be suspected and that the marsh 
and peat swamps should build close to or somewhat above present sea level. 
The peats are overwhelmed by an advance of the natural levees, that must 
correspond to the progressive rise of sea level since the ‘‘Paria” Emergence. 

This emergence was the last event before the Mediaeval Submergence (six- 
teenth century) and the rise of A.D. 1850, coinciding with glacier retreat, which 
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has been so recently accelerated in the A.D. 1930-1940 period (GUTENBERG, 
1941), but still only measured at a little over 1 mm annually. 


CONCLUSIONS 


1. Relative changes in the elevation of land and sea, observed at many 
periods through geological time, lead to two conclusions: in a positive strand- 
line change, either sea level has risen or land has subsided; in a negative change, 
it is the opposite. 

2. In current geological philosophy, it has generally been assumed that the 
land has moved, tectonically, either through local “orogenic” folding, or broad 
“epeirogenic” warping. 

3. Eustatic changes of sea level, independent of land movement are accepted 
by most geologists, particularly students of the Pleistocene, with glacial control 
of water volume in mind. But non-climatically controlled oscillations of sea 
level are often excluded from the working philosophy of geologists, although 
such movements have been considered as most probable by leading theoreticians. 
Our Pleistocene eustatic curves show that there are overriding controls of eustasy 
that supersede both climatic and local tectonic influences. 

4. In any working hypothesis it is most normal to assume that there have 
been tectonic changes, unless the eustatic effect is otherwise proven. It is 
submitted that this is a faulty philosophic procedure, since eustatic oscillations 
are now recognized universally, and the tectonic changes may be only local. 
Further a basic assumption of possible eustatic events should be made for 
every geologic period, regardless of climatic events. 

5. Some of the long-term eustatic changes observed involve 100 m (vertical) 
in 200,000 years, thus 0-5 mm per year. Current sea-level rise is measured by 
tide gauges at 1-2 mm per year. But deglaciation can result in sea level rising 
at 25 mm per year. 

6. The current study is essentially an assemblage of the basic data associated 
with eustatic changes. Considerable implications impinging on the fields of 
meteorology, geodesy, tectonophysics and stratigraphy, urgently call for intensive 
quantitative investigation. 

7. Eustatic changes of sea level have many different causes. During the 
Quaternary, two major (and several minor) effects are noticeable. 


(a) A climatically controlled glacio-eustasy, involving vertical oscillations 
of a few metres up to 100 or 125 m in periods ranging from 550 years to about 
90,000 years. 

(b) A geodetic change, associated either with the shape of major ocean 
basins or with the shape of the geoid in respect to the spheroid, perhaps 
associated with a polar shift. A “deglacial geoid” is plotted for the North 
Atlantic area. This is probably tectono-eustatic in part. 

(c) Several minor geophysical effects are to be expected from glacial 
loading and unbalancing effects on the globe, but their roles have not yet 
been analysed. 


8. Analysis in detail of the eustatic effects and their timing over the last 
15,000 years shows that a very close correlation is observable between minor 
oscillations of sea level and climatic events. Every recorded glacial advance of 
the last 5000 years is matched by a eustatic lowering, of the order of 3-7 m. 
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Pollen analysis from non-glaciated areas confirms that these are climatically 
cool phases. In the arid American West (New Mexico, etc.) each of the younger 
cool phases corresponds to a drought: in temperate belts they are marked by 


pluvial events. 

9. From the geomorphologic viewpoint, peaks of curves, positive and negative 
generally correspond to littoral erosion platforms, benches or terraces. These 
are widespread both subaerially and in submarine (continental shelf) locations. 

10. From the stratigraphic viewpoint along the coasts of sedimentary basins 
two distinct facies are recognized: 


(a) Rapid accumulation of fluvial and ultimately marine deposits takes 
place during transgression. In semi-tropical waters the rise is marked by 
vertical reef-building. In deltas, natural levees advance over former coastal 


swamps. 
(b) During regression, wash-outs, channelling and scour occurs, while peat 


accumulates on the freshly-abandoned tide flats. Beach ridges and “‘raised” 
beaches are left behind, seaward of the peat swamps. 
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VARIATIONS OF THE EARTH’S ROTATION 
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I. INTRODUCTION 


1. Our everyday life is necessarily regulated by the Sun. The rotation of the 
Earth on its axis gives alternating periods of daytime and night-time. The day 
might be defined as the interval between two consecutive transits of the Sun 
across the same meridian. This is the true or apparent solar day, whose use 
before the invention of mechanical clocks was adequate for all practical pur- 
poses. But because of the varying distance of the Earth from the Sun as it 
revolves along its orbit, and of the inclination of this orbit to the Earth’s 
equator, the true solar day is variable in length. After the application of the 
pendulum to mechanical clocks, which because of its isochronous property 
greatly improved their timekeeping, the true solar day ceased to meet practical 
requirements as a standard of time. The mean solar day was consequently 
adopted as the standard; its length is equal to the average of the lengths of the 
true solar days throughout the year. 

2. Astronomers determine time by observing transits of stars across the 
meridian. The interval between two consecutive transits of a star across any 
given meridian is termed the sidereal day: it is the time in which the Earth 
makes one complete rotation through 360°. Sidereal time is determined by 
relating the instants at which stars of accurately known right ascension transit 
across the meridian with the corresponding times by the standard clock of the 
observatory. By a sequence of observations, the error and rate of the clock are 
controlled, so that the true sidereal time corresponding to any clock time is 
known. Mean solar time can be inferred from true sidereal time. 

3. The second, which is the unit of time adopted in both the metric (c.g.s.) 
and imperial (f.p.s.) systems of measurement is the mean solar second, which is 
the 1/86,400th part of the mean solar day. 

An essential requirement of any unit is that it is invariable. The use of the 
rotation of the Earth to provide a standard of time tacitly assumes that its 
rotation is uniform. A good regulator clock can keep time to an accuracy of 
about 0-1 s a day. Such clocks, employed in observatories for many years as 
standard clocks, gave no indication of any variation in the length of the day. 
The free-pendulum clock, developed by W. H. Shortt, was introduced into the 
Royal Observatory, Greenwich, in 1923 as the standard clock and soon proved 
superior in its time-keeping to any regulator clocks. Free-pendulum clocks can 
keep time to an accuracy of about 0-01 s a day. 

4. This accuracy very soon necessitated a change in the practice of astrono- 
mers. The transit of the true equinox defines 0 hours of sidereal time. The 
motion of the true equinox is, however, not uniform because of the nutation of 
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the Earth’s axis. Thus the sidereal time, as hitherto used by astronomers, does 
not increase uniformly and the length of the sidereal day is not constant. The 
sidereal time then in use was true or apparent sidereal time. 

If we imagine a point to move uniformly along the equator, with a motion 
equal to the mean motion of the true equinox, and so its extreme distances from 
the true equinox on both sides are equal, we may term this point the mean 
equinox. The right ascensions of the mean equinox, measured from the true 
equinox, is the nutation in right ascension. Its principal term has a period of 
18 years and extreme values of + 1:2s; there are also short period terms, 
with a principal period of 15 days and a range of + 0:020s. Mean sidereal time 
can be defined by reference to the mean equinox, so that 


Mean sidereal time = Apparent sidereal time — Nutation. 


Mean sidereal time, defined in this way, increases uniformity, and all sidereal 
days have the same length, assuming that the Earth’s rotation is not variable. 

The time determined by observations of transits of stars is apparent or true 
sidereal time and must be corrected for the nutation in right ascension in order 
to obtain mean sidereal time. This has become the standard practice of astro- 
nomers since the Shortt free-pendulum clocks revealed the non-uniformity 
of the true sidereal time then used. 

JACKSON (1929) investigated the question whether the free-pendulum clocks 
could reveal variations in the rate of the Earth’s rotation and concluded that 
they were not sufficiently accurate for this purpose. It may consequently be 
assumed that any variations in the length of the day are not likely to be as great 
as 0:01 s. 

5. Within the last quarter of a century the Shortt free-pendulum clocks have 
been generally superseded, as standards of time in observatories that are respon- 
sible for providing a time service, by precision quartz-crystal oscillators, which 
are capable of an accuracy of 0-001 s a day. The Greenwich Observatory was 
the first observatory to introduce quartz-crystal oscillators as standards of time, 
and was also the first observatory to base its time service solely on such clocks. 
From systematic comparisons between quartz-crystal clocks and free-pendulum 
clocks, GREAVES and SymMs (1943) showed that the free-pendulum clocks are 
subject to frequent small erratic changes of rate and that the integrated effect 
of these erratic changes results in a slow and non-regular departure of the clock 
from uniform time. The quartz-crystal clocks are free from these erratic changes 
of rate and are consequently much superior for short-term prediction. They are 
subject, however, to ageing effects which result in a slow secular drift in frequency. 

6. If the rate of rotation of the Earth is not uniform there are two ways in 
which its variability may possibly be detected. 

(a) If the length of the day is variable, discordances will be produced between 
the observed and computed positions of bodies in the solar system. The theories 
of the motions of the Sun (strictly speaking, of the Earth relative to the Sun), 
of the Moon and of the planets have been based on gravitational theory. The 
theories are complicated and must take into account the mutual perturbing 
actions of these bodies on each other, for which an accurate knowledge of their 
masses is needed. For the investigation of variations in the length of the day 
the theories of the motion of the Moon, Sun, Mercury and Venus are of principa] 
interest. 
13 
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The computed positions of these bodies, which are published in astronomical 
almanacs and ephemerides, are derived on the assumption that the length of the 
day is invariable. If this assumption is not correct there will necessarily be 
discordances between the observed and computed positions. These discordances 
will be greater the more rapid the geocentric motion of the body, for they are 
attributable to a time error on the part of the Earth. The discordances in position 
represent the motions in longitude during that time. As the Moon has the most 
rapid motion in longitude (0°55 in one second of time), it is the most favourable 
object for detecting changes in the Earth’s rotation; Mercury is the next most 
favourable. Each of these four bodies can serve as a clock. 

Discordances between observation and theory may arise also from errors of 
observation and from errors or incompleteness in the theories of the motions 
of these bodies. If, however, the deviations of the observed from the computed 
positions of the four bodies are closely correlated, it can be inferred that the 
Earth is at fault and that its rate of rotation is variable. 

(b) If the variations in the length of the day are sufficiently large or rapid 
they should be detectable with modern precision quartz-crystal clocks. If 
several such clocks are available, their errors derived from observed transits of 
stars should be closely correlated. 

7. It has been fully established within recent years that the rotation of the 
Earth is not strictly uniform and that the departures from uniformity are of three 
different types, which are due to different causes. They are: 

(a) A slow secular increase in the length of the day. 

(b) Irregular or random variations, the length of the day sometimes increasing 
and sometimes decreasing. 

(c) A fairly regular seasonal variation in length. 

The first two of these variations, which are somewhat interrelated, have been 
established from the discordances between the observed and computed 
positions of the Moon, Mercury, the Sun and Venus. The third has been 
detected through the high precision of modern clocks. 


II. THE SECULAR ACCELERATION OF THE MOTION 
OF THE MOON 

8. HALLEY, in 1695, by comparing the positions of the Moon derived from 
early observations of eclipses with those given by current observations, con- 
cluded that the motion of the Moon was being accelerated. His conclusion was 
tentative because at that time there was considerable uncertainty in the longi- 
tudes of the places where the early eclipse observations had been made. The 
acceleration of the Moon’s motion was subsequently confirmed by DUNTHORNE 
in 1749, by MAYER in 1753, and by LALANDE in 1757. 

If the mean longitude of the Moon is expressed in the form 


L=a+6T+cT? 


in which T denotes the time expressed in Julian centuries of 36,525 days, the 
mean motion at time T is given by (b + 2cT). The acceleration of the mean 
motion is 2c. But from long usage it has become customary to adopt the coeffi- 
cient c as representing the secular acceleration of the mean motion. The 
investigations of Dunthorne, Mayer and Lalande gave a value of about 10” 
for c. 
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9. For many years one of the cardinal problems in astronomy was to account 
for this secular acceleration of the Moon’s mean motion. Euler and Lagrange 
both attempted, but without success, to find an explanation on the basis of 
gravitational theory. In the latter half of the eighteenth century much attention 
was being given by mathematicians to the detailed explanation of the motions 
of the bodies in the solar system under the action of Newton’s law of gravitation. 

The failure to account for the acceleration by gravitational action could be 
explained if the observed acceleration was an effect arising from a secular 
retardation of the rotation of the Earth. In 1754 KANT published an essay in 
which he pointed out that the action of the Moon in raising tides in the oceans 
must have a secondary effect in a slight retardation of the Earth’s rotation by 
tidal friction; he explained that the reason why the Moon always turns the same 
face to the Earth was because its rotation had been retarded in an early period 
of existence by bodily tides raised by the Earth on the Moon. Laplace pointed 
out that if the Earth’s motion were being retarded by tidal friction, accelerations 
of the mean motions of the planets, as well as of the Moon, should be observed, 
whereas it was only in the case of the Moon that an acceleration of its motion 
had been detected. 

10. In 1787 LAPLACE announced that he had succeeded in accounting for the 
acceleration on gravitational theory. He proved that the eccentricity of the 
orbit of the Earth is decreasing secularly as a result of the perturbations by the 
planets. This secular decrease in the eccentricity causes a gradual decrease in 
the mean action of the Sun upon the Moon which, he showed, results in a slow 
increase in the Moon’s mean motion. He computed the amount of the accelera- 
tion to be 10°18 per century, in close agreement with the observed value. 

11. This explanation appeared satisfactory and complete, but the whole 
question was re-opened in 1853 when ADAms showed that the calculations of 
Laplace were not complete and that his computed value of the acceleration was 
in error. Laplace had assumed that the areal velocity of the Moon remained 
unaltered, so that the tangential disturbing forces produced no permanent 
effect. Adams pointed out that this was correct only if the eccentricity were 
constant but that, as a result of the secular change in the eccentricity, there was 
an uncompensated effect. When this was taken into account, the computed 
value of the secular acceleration was reduced to 5‘70. little more than half the 
observed value. 

This paper of Adams gave rise to a furious controversy in astronomical 
circles. Several other astronomers undertook the computation of the accelera- 
tion with different and discordant results. Adams adhered to his value, pointing 
out that the problem was a mathematical one, in which every step in the com- 
putations could be verified. Eventually it was agreed that the value he had 
obtained was correct. Consequently gravitational theory was able to account for 
only a portion of the acceleration; the remainder had to be otherwise explained. 

12. DELAUNAY in 1865 revived the hypothesis of tidal friction to account for 
the portion of the acceleration of the Moon’s mean motion that could not be 
explained by gravitational action, but it was not until 1905 that CoweLi found 
that there was a small secular acceleration of the orbital motion of the Earth or, 
otherwise expressed, that the mean motion of the Sun was being accelerated. 
Secular accelerations of the mean motions of Mercury and Venus have since 
been established. 
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13. Several discussions of the tides in mid-ocean have been made, by DARWIN, 
JEFFREYS and others. It appears that neither viscosity nor turbulence in the 
oceans can cause sufficient friction to account for the required rate of dissipation 
of energy. The reason is that the rate of dissipation is proportional to the third 
power of the velocity of the water, which in the open oceans is small. 

In the shallow seas, on the other hand, the tidal currents can have much greater 
values and the rate of dissipation can be considerable. But the areas of the 
shallow seas are relatively small and detailed computation is needed to decide 
whether the total rate of dissipation in these seas is adequate to account for that 
portion of the observed secular acceleration of the Moon’s motion that cannot 
be explained by gravitational action. 

The rate of dissipation by tides in the Irish Sea was determined in 1919 by 
Taylor by two different methods. The mean rate of dissipation in this one 
shallow sea was found to be about 3 x 10" ergs/sec, which is about 30 times 
greater than the total rate of dissipation for the whole of the open oceans. It 
is about 2 per cent of the total rate required to account for the Moon’s secular 
acceleration. 

Jeffreys in the following year extended Taylor’s method to include most 
of the shallow seas of the globe, using the tide ranges and currents given in the 
Admiralty Pilot. The Bering Sea was found to be much the most important, 
being responsible for a dissipation of energy at the rate of 1-5 x 10'* ergs/sec, 
which is about 70 per cent of the total dissipation for the whole of the shallow 
seas. The total dissipation as computed by Jeffreys amounts to 2:2 x 10! ergs/ 
sec at spring tides, the average rate being 1-1 x 10! ergs/sec. This figure is 
admittedly very uncertain though it should be of the correct order of magnitude. 
Jeffreys has stated that his value of the dissipation of energy in the Bering Sea 
may be in error by half its amount if the estimates of the currents are systemati- 
cally wrong by 25 per cent, which is possible. 

14. There is another cause which may produce a secular change in the rate 
of rotation of the Earth. It is well known that in tropical regions the barometric 
height has a regular semi-diurnal variation. In 1882 Lord KELVIN (THOMSON) 
drew attention to the close connexion between the period of the Earth’s 
rotation and the free period in the Earth’s atmosphere, close to 12 hours, 
which, by a resonance effect, might provide the explanation of the large ampli- 
tude of the semi-diurnal barometric variation. He pointed out that the phase 
of the variation is such (with maxima at about 10 a.m. and 10 p.m. local time) 
that the gravitational attraction of the Sun on the atmospheric thermal tide will 
have an appreciable accelerating effect on the Earth’s rotation. 

This paper of Kelvin seems to have been overlooked for many years until 
attention was drawn to it by HOLMBERG (1952). The acceleration of the rotation 
of the Earth by the atmospheric tidal couple requires a flow of angular momen- 
tum from the Earth’s heliocentric orbit, which increases the mechanical energy 
of the system. Holmberg suggested that this energy is extracted from the solar 
energy falling on the Earth’s surface by a heat-engine effect. The maxima of the 
diurnal variations of temperature and pressure, with the temperature maximum 
tending to occur in the afternoon and the maximum of the 24-hour pressure 
component in the forenoon, are such that work is done by the atmosphere. 
The mechanical energy produced in the atmosphere maintains a back pressure, 
which keeps the semi-diurnal maxima in the pressure from slipping round into 
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the first and third quadrants under the action of frictional drag from the Earth’s 
surface. 

The semi-diurnal pressure variation has been determined at many stations. 
SIMPSON (1918) showed that the variation can be represented by the formula: 


P = 1-25 x 108 sin? 6 cos (2t + 64°) dyn/cm? 


in which 6 denotes the colatitude and ¢ the local time. Using this expression 
Holmberg found the total accelerating couple to be 3-7 x 10% dyn/cm working 
at arate of 2:7 x 10° erg/sec. This is about one-quarter of the rate of working 
of the tidal retarding couple as calculated by Jeffreys and cannot therefore be 
neglected. 

15. The value of the atmospheric couple is well-determined and is unlikely 
to be in error by more than a few per cent, in contrast with the tidal couple, the 
computed value of which may be in error by half its amount, as mentioned 
above. Holmberg has raised the question whether the two couples may actually 
be equal in the rate of working. He suggests that the period of rotation of the 
Earth was gradually slowed down by the tidal friction in shallow seas until it 
approached the resonance period of the semi-diurnal atmospheric tide. This 
approach would be accompanied by a progressive increase in the amplitude of 
the atmospheric tide, which resulted in a progressive increase in the atmospheric 
accelerating couple. The retardation of the Earth’s rotation continued until the 
two couples were brought into quasi-equilibrium, with the rotational and vibra- 
tional periods closely coincident. With such a quasi-equilibrium, one or the 
other couple may for a while be the greater; at the present time the evidence, 
for what it may be worth, suggests that the tidal retarding couple is somewhat 
larger than the atmospheric accelerating couple. 


III, FLUCTUATIONS OF THE MOTION OF THE MOON 


16. In 1870, before the secular accelerations of the Sun, Mercury and Venus 
had been detected, and before any computations of the rate of dissipation of 
energy of the tides had lent support to the suggestion that the non-gravitational 
portion of the Moon’s accelerated motion was due to a slow secular increase in 
the length of the day, attention was called by Newcomb to the existence of 
fluctuations in the motion of the Moon that were either of long period or of an 
irregular nature. 

These fluctuations were revealed as discordances between the observed 
positions of the Moon and the positions computed on the basis of gravitational 
theory. They would have been discovered earlier if a satisfactory theory of the 
motion of the Moon had been available. But the theory of the motion of the 
Moon is one of extreme complexity. It is essentially a three-body problem, 
involving the Sun, the Earth and the Moon, which is not capable of an exact 
mathematical solution. There are additional complications, as not only the 
perturbing actions of the planets must be taken into account but also the ellip- 
soidal figure of the Earth and the figure of the Moon itself. Even the mass of 
the Moon was not at that time known with adequate accuracy. The theory of 
the Moon’s motion has been gradually developed and refined by the researches 
of many eminent investigators. 

17. About the middle of the nineteenth century a new theory was developed 
by the Danish astronomer, P. A. Hansen, and tables based on this theory were 
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constructed from which the positions of the Moon at any time could be com- 
puted. The Astronomer Royal, G. B. Airy, said of these tables that “probably 
in no recorded instance has practical science ever advanced so far by a single 
stride.” The tables were published by the British Admiralty, who also made a 
grant to Hansen of £1000 in recognition of the importance of his work. They 
were at once adopted as the basis for the computation of the ephemerides of 
the Moon published in the Nautical Almanac. 

For certain numerical data adopted in theory Hansen had used observations 
of the Moon from 1750 onwards. The theory represented these observations 
satisfactorily and it was confidently expected that they would continue to repre- 
sent the motion of the Moon for many years. But by the year 1870 it had already 
become apparent that the Moon was deviating from its computed positions by 
an increasing amount year by year and that these deviations could not be 
attributed to errors of observation. 

18. Newcomb occupied himself for many years in investigating the cause of 
these discordances. He found in the archives of the Paris Observatory many 
observations of occultations of stars by the Moon that had not been reduced. 
These observations enabled him to extend the history of the Moon’s motion 
back from 1750 to 1675; he found that these earlier observations also showed 
an increasingly large deviation from the positions of the Moon computed on 
Hansen’s Theory. 

In 1878 Newcoms published a large memoir in which the problem was 
thoroughly discussed. He concluded that there were two possible explanations 
of the discordances between the observed and theoretical positions: (a) Hansen’s 
theory was inadequate and incomplete. The nature of the discordances suggested 
that some terms of long period might have been omitted and, if this were so, a 
careful revision of the theory should reveal them; or (b) the rotation of the 
Earth on its axis is subject to irregular fluctuations, at times becoming slower 
and at other times faster. 

Newcomb proposed the following criteria for discriminating between these 
two possibilities: if there are fluctuations in the rate of rotation of the Earth, 
other celestial phenomena must show fluctuations of the same general type; 
if they do not, if it is the Moon alone that shows them, there must be some error 
or omission in Hansen’s theory of the motion of the Moon or in the adaptation 
of the theory into Tables of the Moon which are used for the computation of 
its position at any time. 

Newcomb found that the fluctuations in the motion of the Moon from about 
1650 onwards could be approximately represented by an empirical periodic 
term, with a period of 260 years, for which he could give no gravitational 
explanation. This term became known as the Great Empirical Term and for a 
period of years was incorporated into Hansen’s Tables for computing the 
positions of the Moon published in the Nautical Almanac. But even with the 
use of this empirical term the representation of the observations was not fully 
satisfactory; there remained irregular fluctuations of minor extent, which 
could not be attributed to errors of observation. 

19. The origin of the fluctuations was still undecided at the time of Newcomb’s 
death in 1909. His last great memoir, published posthumously in 1912, in 
which observations of the Moon extending from the era of the Babylonians 
until A.D. 1908 were discussed, was concerned with the problem. Newcomb 
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considered it to be one of the most puzzling problems in astronomy and he was 
compelled to leave it unsolved. The first question to be decided was whether the 
existing theories of the Moon (Hansen’s, and the later theory of Delaunay, on 
which were based the positions of the Moon published in the Connaissance des 
Temps) were inadequate. 

It was fortunate that a new theory of the motion of the Moon was being 
developed by BRown, who had taken up the problem at the suggestion of Sir 
George Darwin. The theoretical investigations were published in five important 
memoirs between 1899 and 1908. Brown then proceeded to construct tables 
for use in computing the positions of the Moon. His Tables of the Moon were 
published in 1919 in three large volumes and have been used for predicting the 
positions of the Moon in the Nautical Almanac from 1923 onwards. The 
accuracy of the tables has been checked by W. J. Eckert and G. M. Clemence 
by numerical integration with an electronic computing machine; the tables have 
been found to agree satisfactorily with the numerical integration, except for a 
few minor errors which are immaterial for the present discussion. 

20. The observed positions of the Moon have been found to deviate by varying 
amounts from the theoretical positions computed on the basis of Brown’s 
theory. The presumption is that, since Brown’s theory has been proved to be a 
complete gravitational theory, the fluctuations in the motion of the Moon 
must be attributable to fluctuations in the speed of rotation of the Earth. If 
this presumption is correct deviations between the observed and theoretical 
positions of other celestial bodies—and primarily Mercury, the Sun, and 
Venus—should be detectable and such deviations should correlate with the 
fluctuations in the Moon’s position. 

If the rate of rotation of the Earth is variable, discordances between the 
observed and computed positions of the Sun and planets will be produced which 
will have the same value for each of these bodies when expressed in time and 
which will therefore be proportional, when expressed in longitude, to their 
respective mean motions. As the mean motion of the Moon is more rapid than 
that of any other celestial body, the fluctuations in the motions of the Sun and 
planets will be considerably smaller than those in the motion of the Moon. 
It was because of this, in fact, that the problem of the explanation of the cause 
of the fluctuations took so long to solve. 


IV. FLUCTUATIONS IN THE RATE OF ROTATION 
OF THE EARTH 
21. We proceed to the investigation of the question whether the discordances 
between the observed and theoretical positions of the Moon, Mercury, the Sun, 
and Venus can be explained on the hypothesis of variations in the rate of rotation 
of the Earth. 

It is necessary for this investigation to adopt a value for the secular accelera- 
tion of the Moon due to tidal action, which is best based upon the discussion of 
early observations of solar and lunar eclipses and of occultations, in conjunction 
with modern observations. If the deviations between the observed and theo- 
retical positions of the Moon are due in part to tidal retardation of the rotation 
of the Earth, and in part to irregular variations in its rate of rotation (the cause 
of which is at present unknown), a unique separation between these two effects 
is obviously not possible. Fairly continuous observations of the position of the 
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Moon are available from about 1675 onwards, somewhat less than three 
centuries. Some observations of eclipses and of occultations extending back 
to a few centuries B.C. are available. Though few in number and not of high 
accuracy, they are valuable because of the long time base that they provide for 
the determination of an effect that depends upon the square of the time. It is 
best therefore, at least in the first instance, to adopt a value for the secular 
acceleration of the Moon that is based on the discussion of the early observations 
of eclipses and occultations. 

These observations were very thoroughly discussed by Fotheringham in a 
series of papers and by Schoch, which were co-ordinated by DE SITTER (1927), 
in whose paper references are given to their work. From a least squares solution, 
the following values of the secular accelerations of the Moon and Sun were 
derived by de Sitter: 

for the Sun + 1°80 + 0°16 


for the Moon + 5°22 + 0°30 


In his tables Brown included that portion of the secular acceleration of the 
Moon that is attributable to the gravitational attraction of the planets as com- 
puted by Adams. In order to obtain an approximate representation of the 
observations from about 1650 onwards, he also included Newcomb’s great 
empirical term, though it remained without any theoretical justification. 

22. The fluctuations in the position of the Moon can be defined as the 
discordances between observed positions and gravitational theory, but with the 
secular acceleration arising from tidal friction removed, and represented by the 
quantity B, where 


B = Observed Longitude — C 
in which 
C = Brown’s Tables — 10°71 sin (140°0 T + 240°7) 
+ 5°22 T? + 12°96 T + 4°65 


T denotes centuries from 1900-0. The sine term removes the great empirical 
term, the term in T? incorporates the effect of the secular retardation of the 
Earth’s rotation derived from the ancient observations of eclipses and occulta- 
tions, and the other terms represent the consequential corrections to the mean 
motion and longitude at epoch in order to secure close agreement with modern 
observations. 

We can assume provisionally that the fluctuations in the Moon’s position are 
due to some cause or causes affecting the Earth only, such as changes in its 
moment of inertia (such as might be caused by slight expansion or contraction) 
or by changes in its angular momentum which are compensated by changes in 
the angular momentum of the atmosphere or of the oceans. The effect of such 
phenomena on the longitude of the Sun or a planet will be similar to the effect 
on the longitude of the Moon but reduced in proportion to the ratio of the mean 
motions in longitude. 

The effect of tidal friction is somewhat different, however, as it involves an 
interaction with the actual motion of the Moon. Since a detailed knowledge 
of the forces that are acting is not available, the effect on the motion of the 
Moon cannot be precisely calculated; it can be estimated on the basis of broad 
assumptions. The apparent discordances in the apparent positions of the Sun 
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and planets caused by retardation of the Earth’s rotation by tidal friction will 
have the same value, however, when expressed in time and will therefore be 
proportional, when expressed in longitude, to the respective mean motions of 


these bodies. 

23. It is accordingly to be expected that the discordances between the observed 
positions of the Moon, Sun, Mercury and Venus and gravitational theory 
should be capable of representation by the following expressions: 


Moon L=a+6T+4+ T?4+ B, ) 


Sun +h T+ TP 


— B, 
n 


Venus =a" +b" T+ c + B. 
n | 


In these expressions n, n’, n”, n” are the mean motions of the Moon, Sun, 
Mercury and Venus respectively; 5°22 is adopted as the secular acceleration 
of the Moon arising from non-gravitational causes; c’ denotes the secular 
acceleration of the Sun; B denotes the fluctuations in the motion of the Moon 
derived as above. 

A discussion of the observational data was made on this basis by SPENCER 
Jones (1939). The positions of the Moon given by observations of occultations 
from 1675 onwards were used, as they are less liable to errors of a systematic 
nature than meridian observations. For Mercury, the most complete and most 
accurate data are provided by observations of the transits of Mercury across 
the Sun, which are available for every transit from that of November 1677 
onwards. Meridian observations of the right ascension of the Sun are pecu- 
lairly liable to personal and systematic errors; the right ascension of the Sun 
can be inferred, however, from its declination and the observations of the Sun’s 
declination are more reliable than those of its right ascension; observations of 
declination from 1760 and of right ascension from 1835 were used. Observations 
of the right ascension of Venus from 1835 were used; transits of Venus are too 
infrequent to provide useful data, and their observation is liable to large errors 
arising from the “black drop” effect. 

The numerical value of the solutions were as follows: 


Sun l’=+ 1°00 + 2°97 T + 1°23 T? + 0-0748 B 
Mercury /” = + 4°96 + 13°08 T + 5°10 T? + 0-310 B 
Venus = + 2°26+ 5°39T + 2°00 T? + 0-112B 


24. If the assumptions on which the discussion was based are satisfactory, 
the values of B derived from the above expressions should be in satisfactory 
agreement with the adopted values. In other words, it should be possible to 
derive the fluctuations in the Moon’s mean longitude from observations of the 
Sun, or of Mercury, or of Venus. This proved in fact to be the case as can be 
verified from the diagrams given in the paper by SPENCER JONES (loc. cit.). The 
fluctuations derived from the observations of the transits of Mercury, which 
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provide the most reliable data used in the discussion, are in particularly good 
agreement with the values adopted for the fluctuations in the longitude of the 
Moon. 


V. THE SECULAR ACCELERATIONS OF SUN AND MOON 


25. From the analysis of the discordances between the observed and tabular 
positions of the various bodies, described above, the secular acceleration of the 
motion of the Sun is determined. Comparison can be made with the data 
provided by the early eclipse and occultation observations, as follows: 


Eclipse observations Sun, Moon and Planet data 
Moon + 5°22 + 0°30 + 5°22 (adopted) 
Sun + 1°80 + 0°16 + 1°23 + 0°04 


The two values of the secular acceleration of the Sun’s motion are more 
discordant than would be expected from the assigned probable errors. 

The values derived from ancient observations of eclipses and occultations are 
based upon data some 20 centuries apart and assume implicitly that the quantity 
B was negligible at both epochs. The other values are derived from data for 
the last 2.5 centuries of this period and the quantity B was defined in such a way 
that its extreme positive and negative values between 1675 and 1925 were 
approximately equal. If the true value of the secular accelerations of the Moon 
were known, the fluctuations might prove to differ considerably from the adopted 
values. 

26. If it is assumed that the true secular acceleration of the Moon is 
+ 522 + s, then B must be replaced by a quantity B’ which may be defined by 


B’ = B—sS 


where S = (T — «)(T — f), so that S can be made zero at any two epochs 
(T = « and T = f) that may be chosen. 
The terms in T? and B’ for the Sun and planets then become 
Sun ~ 5} T?+ B’, 
n n 


Mercury = + T?+ B’, 


m 


Venus + | T? + 
n n n 


These expressions are of precisely the same form as before, but with B replaced 
by B’, and c’ by (c’ + n’s/n), which is equal to + 1°23 + 0-0748s. The repre- 
sentation of the observations is not altered by these changes, but the corrections 
to the longitude at epoch and the mean motion for each body will depend upon 
the values assigned to « and / in the expression for S. 

We have seen that the dissipation of energy by tidal friction occurs almost 
entirely in the shallow seas of the globe. During the past 20 centuries there may 
have been changes in sea level that will have altered the rate of dissipation 
of energy. There are no data available that can provide any information on this 
matter. If the amount of tidal friction has been variable, however, it seems 
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reasonable to assume that the secular accelerations of the Moon and Sun will 
have remained in a constant ratio. On this assumption we have the 
relationship 

1:80+0:16 1:23 + 0:04 + 0-0748s 

5-22 + 0:30 x22 +s 


which gives 
s= — 2-11 + 0°57 


The average values of the secular accelerations of the Sun and Moon during 
the past 250 years then become 


for the Moon + 3°11 + 0°57 
for the Sun + 1°07 + 0°06 


27. The general character of the fluctuations in the longitude of the Moon 
is of an irregular wandering from the positions computed by gravitational 
theory. The cause of the fluctuations is unknown but Spencer Jones suggested 
that they might be the integrated effect of random small changes in the rate of 
rotation of the Earth. 

On this hypothesis, BROUWER (1952a) showed that the mean error of the 
fluctuations in the Earth’s rotation should increase in time proportionally to 
T*? measured from the present epoch. The precision with which the secular 
accelerations of the Moon and Sun can be determined from ancient eclipse 
observations is consequently much reduced, because the integrated effect of 
the random changes in the course of 20 centuries may be very large, whereas 
in the discussions of the ancient observations it was assumed that they could 
be neglected. 

VAN WOERKOM (1953) discussed the general statistical properties of cumulative 


series of random numbers and applied the method of variate analysis to the 
annual values of the observed fluctuations in the Moon’s mean longitude, 
confirming the view that they are attributable to cumulative random changes in 
the Earth’s rotation. On this hypothesis BROUWER (1952b) derived the following 
values of the secular accelerations: 


for the Moon + 2'2 +9°5 (m.e) 
for the Sun + 1°01 + 0°70 (m.e) 


The uncertainties of these determinations are necessarily large and on their 
face value it might be concluded that there are no true secular accelerations of 
the motions of the Moon and Sun. The values inferred from the ancient 
observations of eclipses should then be attributed to the accumulated effect of 
random changes in the rotation of the Earth. 


VI. THEORETICAL DISCUSSION 
28. It remains to discuss the above results in conjunction with theoretical 
considerations. The following discussion follows the lines developed by H. 
JEFFREYS in his well-known book, The Earth. 


M, m, m’ denote the masses of the Earth, Moon and Sun; 
n,n’ are the mean angular velocities of the Moon and Sun about the 
Earth. The value of n/n’ is 13-4; 
c, c’ are the distances of the Moon and Sun from the Earth; 
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— N, — N’ are the retarding couples acting on the Earth due to lunar and 
solar tides; 
+ N” is the accelerating couple acting on the Earth due to the solar 
atmospheric tide; 
w is the angular velocity of the Earth; 
C is the moment of inertia of the Earth about its axis of rotation; 
f denotes the constant of gravitation. 
Then 
nc3 = f(M +m), = f(M + m’) 
Put 


in which the suffix 0 is used to denote present values. 
The angular momentum of the orbital motion of the Moon and Earth about 
their centre of mass is 
Mmc?n _ Mmcjn 
M+m M+m 


To the couple — N acting on the Earth’s rotation must correspond an equal 
and opposite couple + N tending to increase the orbital angular momentum. 
Because of the difference in periods of the lunar and solar tides, the solar tides 
will have no secular effect on the Moon and the lunar tides will have no secular 
effect on the Sun. Thus we must have 


dé 


dé’ 
dt 
dw 


=-N- N’ +N’ 


= N’—N’ 


29. The effect of the changes in angular velocities on observation are given by 
Jeffreys as follows. If w, n, n’ are assumed to be derived from observations at 
time zero, a variation in the Earth’s rotation will put the Earth ahead in time T 


d 
by an angular amount $T? = The time of transit of a fixed star is earlier by 


T? dw 
2w dt’ 


alteration of the time of observation consequently results in the Moon being 
2 


T? d 
behind its calculated position when the star transits by an angle > = But 


The mean angular velocity of the Moon relative to the stars isn; the 


d 
the change in the Moon’s angular velocity puts it ahead by an angle $T? = ; 


The combined effect is for the Moon to appear to have gained on the stars by 
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d d 
3T? (F . If, denote the secular accelerations of the Moon and Sun, 


we therefore have 


But 


whence, assuming c and c’ to be constant, 
3M+mNE* 
2 Mm 2Cw 


3M+m'N'—N", 


In intervals of time of a few thousand years since the earliest observations of 


eclipses, it is sufficient to take € and &’ both equal to 1. 
The ratio of the first term in »’ to the second term is of the order 10-® and the 


first term can consequently be neglected. 
If we denote by « the present ratio of the orbital angular momentum to the 


angular momentum of the Earth’s rotation, 


Mm 
M+m Co 
and we obtain 

M+m 


2Mmc2 


+ N’ — N") — 3N) 


The present value of « is 4-82. 

30. The ratio of the secular accelerations of the Moon and Sun is 
(9) 


N+N'—N” 
Jeffreys has estimated the values of the ratio N/N’ on various assumptions. 
If the equations of motion are linear he obtains the value of 5-1. If, on the other 
hand, the friction is non-linear, as seems more probable, and is assumed to be 
proportional to the square of the velocity, he obtains the value of 7:2. 

If the couple N” is neglected, the corresponding values of »/»’ are 6:3 and 7:2; 
there would be a minimum value of 5-0 when N’ = 0, in which case all the fric- 
tion would be in the lunar tides. None of the estimates of the secular acceleration 
given above lead to a ratio of the two secular accelerations as high as 5-0. 


dn dé dn’ dé’ 
dt dt dt dt 
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This discordance between theory and observation was puzzling for a long time. 
The reason was that the couple N” had been neglected. 


If we put 
=KN +N’) 


so that A denotes the ratio between the atmospheric accelerating couple and the 
total oceanic retarding couple, we obtain 
30-7 — 59-0A 

4-41 — A) 


v 


Corresponding to values for the ratio v/v’ of 4 and 3 (which are approximately 
the values given by the two determinations by Spencer Jones), / has the values 
0:32 and 0:38 respectively. The accelerating atmospheric couple works at a 
rate of 2:7 x 10'*erg/sec. The retarding oceanic couples corresponding to 
these two values of 2 consequently work at the rates of 0-84 x 10° erg/sec and 
0-71 x 10'* erg/sec respectively. These are well within the limits of uncertainty 
of Jeffreys’ estimate of 1-1 x 10! erg/sec. If 4 has the value 0-52, the secular 
acceleration of the Moon becomes zero while that of the Sun remains positive, 
in satisfactory agreement with the results of Brouwer and van Woerkom. 
What is needed now is a more accurate determination of the total dissipation 
of energy by tidal friction in shallow seas. 

If a secular acceleration of the Moon’s mean motion of about 5” a century 
can be attributed to a slowing down of the Earth’s rotation, the increase in the 
length of the day in the course of a century is between one and two milliseconds. 


VII. SEASONAL VARIATIONS IN THE RATE OF ROTATION 


30. From the similarity in the performance of two quartz clocks at the Geodetic 
Institute, Potsdam, PAveL and UHINK (1935) concluded that there was a range of 
about 9 milliseconds in the length of the day during the year. It is now known 
that this conclusion was incorrect; although a seasonal variation in the length 
of the day has since been fully established, the variation in length is appreciably 
smaller than they claimed. It seems probable either that the determinations of 
time from which the performance of the clocks were assessed were affected by 
errors of a quasi-systematic nature, or that both the clocks had a common and 
large drift in frequency. 

The first discussions to indicate with some confidence that the rate of rotation 
of the Earth has a seasonal variation were made by StoyKo (1936, 1937) at the 
Bureau de l’Heure, Paris. His investigations were based on the analysis of the 
performance of clocks at the observatories of Paris, Washington, and Berlin 
during the three years 1934-7. As the evidence depended mainly on data from 
pendulum clocks, which are liable to erratic changes of rate, Stoyko’s conclusions 
did not at the time appear convincing, though they have been substantially 
verified by later and more accurate data. 

31. The detection of a small seasonal variation in the rate of rotation of the 
Earth was not an easy matter. By resolution of the International Astronomical 
Union all determinations of time are based, for the sake of uniformity and for 
convenience of intercomparison, upon the star places of the fundamental 
catalogue prepared at the Astronomisches Rechen-Institut and known as the 
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FK3 catalogue. The determinations of time are made at most observatories in 
the early evening after sunset; if the system of the right ascensions of the stars 
in the fundamental catalogue is affected by errors which vary with the right 
ascension, such errors will enter into the derived annual fluctuation of the Earth’s 
rotation. It has been established that the right ascensions of the FK3 catalogue 
are not entirely free from errors of a periodic nature; observations are in 
progress at several observatories to provide data for the revision of the system. 

32. A further complication arises from the polar motion. Observations of the 
variation of latitude at various observatories have proved that the true pole has a 
somewhat irregular motion around its mean position but that the principal 
components of this motion are a term with an annual period but somewhat 
variable amplitude and a term with a period of about 14 months. This motion 
produces displacements of the meridian through any observatory and affects the 
determinations of time by amounts that are variable through the year, but which 
depend upon the longitude and latitude of the observatory. 

If x and y denote the co-ordinates of the instantaneous pole of rotation 
relative to its mean position, x being the displacement along the Greenwich 
meridian and y the displacement in the perpendicular direction, the effect on the 
longitude of an observatory whose longitude and latitude are / and ¢ respectively 
is given by the formula 

Ad = (x sin A — ycos A) tan d 


The Central Bureau of the International Latitude Service at Turin collects 
the data on latitude variations from observatories that make latitude variation 
observations and derives from them the motion of the pole. The polar motion 
data are not available for several months though it is possible to derive pro- 
visional data by extrapolations and to use the extrapolated data for the 


correction of the time determinations. 

The Greenwich Observatory has been supplied week by week with data of the 
latitude variation determined by the U.S. Naval Observatory, Washington; 
the longitude of this Observatory is 77°W, which has enabled a substantially 
correct allowance for the effect of the motion of the pole on the determinations 
of time at Greenwich; it is, of course, the component of the motion of the pole 
at right angles to the meridian of an observatory that has an effect on its time 
determinations. 

33. When quartz-crystal clocks were first introduced at various observatories 
as time standards, they were mostly in the form of GT-cut plates. Quartz 
oscillators of this time are subject to a rather large drift in frequency, though 
they have the great advantage of being free from the erratic changes of rate of 
pendulum clocks. The error of such a clock can be expressed in the form 


E=a+bt+c? 


where ¢ denotes the time. In this expression b is the rate of the clock and c 
represents the effect of the drift in frequency. 

Because of the errors inherent in the determinations of time, observations 
extending over several months were used at Greenwich for the derivation of the 
coefficient c and, as it could not be assumed that the frequency drift remained 
constant, the coefficient was re-determined at successive intervals. From the 
above formula an ephemeris of the clock error was computed and it was found 
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that the clock always tended to depart from this ephemeris. It was suspected 
that this might be attributable to variations in the rate of rotation of the Earth. 
If there is a variation of a seasonal nature it is clear that the derived value of c 
will depend upon the particular period of several months used for its derivation 
and the clock will necessarily thereafter depart from the computed ephemeris. 
A further complication was that stoppages of the clocks for one reason or 
another were rather infrequent so that few long uninterrupted runs were 
available. 

34. FINCH (1950) analysed the available data from the quartz-crystal clocks 
at Greenwich on the assumption that the observed clock corrections could be 
fitted to an ephemeris of the form 


E=a+bt+cfPht+f 


where f is an unknown function with a period of one year. 

Mean monthly means of E were formed for each clock and their third 
differences were derived. These third differences, which are independent of the 
values of a, b and c, give the third differences of the function f which, apart from 
accidental errors, should be the same for each clock. It was found, in fact, that 
the third differences were all negative at one period of the year and all positive 
at another period. The mean values obtained from the data given by all the 
clocks were formed and by successive integration the function f was derived. 

This investigation established conclusively that the period of rotation of the 
Earth has a small annual variation. The Earth is slow in the spring and fast 
in the autumn. The total variation in the length of the day in the course of a 
year is about 2 milliseconds. These results have been confirmed by SCHEIBE 
and ADELSBERGER (1945), from the discussion of the performance of the clocks 
at the Physikalisch-Technischen Reichanstalt from 1934 to 1944, by UHINK 
(1949) from the discussion of the performance of the clocks at the Geodetic 
Institute, Potsdam, from 1938 to 1944, and by later evidence. 

35. From the standard clocks at the Royal Greenwich Observatory, SMITH 
and TUCKER (1953) found that the annual fluctuation in the time-keeping of the 
Earth remained of about the same amplitude during 1952-4 as during 1950-1. 
For the earlier year the fluctuation could be expressed in the form: 


f = 33-0 sin n(d — 14) + 5:8 sin 2n(d — 76) 


where is the diurnal motion of the Sun in degrees (0-986) and d is the day of the 
year reckoned from Jan. 0, and fis expressed in milliseconds. 
Expressing the variation in the form: 


f= a, sin n(d — d,) + a, sin 2n(d — d,) 


Smith and Tucker determined the values of a, dy, d;, d, for Greenwich, Mount 
Stromlo, Washington, and Richmond (Florida), based on the time determina- 
tions at these observatories, corrected for polar motion, and referred to the 
Greenwich quartz crystal clocks through the link provided by radio time 
signals. The time determinations were referred to the “Catalogue of 5268 
Standard Stars”, known as the N30 system, prepared by MorGan (1953); 
this catalogue is less affected by systematic errors depending upon declination 
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than the FK3 catalogue and is therefore preferable for comparison between 
observations made at observatories in different latitudes. 
The results obtained were as follows: 


Observatory Period 


Greenwich. ‘ . | Jan, 1951-Sept. 1952 
Mount Stromlo : : Jan. 1951-June 1952 
Washington . Jan. 1951-June 1952 
Richmond . : Jan. 1951-June 1952 


The agreement is satisfactory. 

The data for the period 1952 to 1958 have been discussed by StoyKo (1959) 
who has shown that throughout this period the seasonal fluctuation in the rate 
of rotation of the Earth has remained remarkably constant. The variation 
during this period is given by him in the form: 


f = 240 sin (j — 31) + 7-2 sin 2(j + 70) 


where j is expressed in mean days starting from January 1. 

36. The ring type of crystal developed by L. Essen at the National Physical 
Laboratory, Teddington, has provided more accurate standards of time, with a 
smaller frequency drift, than the GT-cut crystals. Quartz-crystal oscillators 
embodying the Essen ring have been adopted as time standards at the Royal 
Greenwich and other observatories. With their aid the annual variation in the 
rate of rotation of the Earth has been well-determined in recent years. It is 
found that the amplitude and also the phase of the variation do not vary 
greatly from year to year. 

37. The caesium atomic-frequency standard, also developed by Essen at the 
National Physical Laboratory, enables the frequency of a quartz-crystal 
oscillator to be accurately monitored, thereby controlling its drift in frequency 
and also enabling the annual variation in the Earth’s rotation to be determined 
with greater accuracy. Essen (1958) stated that the caesium atomic-frequency 
standard enables a frequency to be defined in terms of a spectral line with a 
precision of + | part in 10’. Comparison between the U.K. and U.S. by the 
radio transmission of standard frequencies and time signals gave an average 
agreement of a few parts in 10”. 

Comparisons between the caesium atomic frequency standard at the National 
Physical Laboratory have shown (EsseN, MARKOwITZ et al., 1958) that between 
September 1955 and March 1958 the frequency of the atomic standard, as in- 
ferred from time determinations, increased practically uniformly. As the fre- 
quency of the atomic standard, which is maintained under carefully controlled 
and uniform conditions, must be assumed to be constant, it follows that the 
length of the day (and consequently also of the second of time) increased 
uniformly during this interval at the rate of about 5 parts in 10° per year. A 
progressive change of this nature could probably not have been detected if the 
atomic-frequency standard had not been available for reference. 
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38. The caesium atomic-frequency standard will in due course provide 
detailed information about the erratic changes in the Earth’s rotation. Astro- 
nomical observations are not by themselves of sufficient accuracy to provide 
such information. They have shown quite clearly that there were large changes 
in the length of the day (approximately 5 ms) about 1898 and 1918, but they 
cannot give any information about how these large changes took place— 
whether they were sudden, or progressive over a period of many months, or 
whether there was a succession of small changes in the same direction whose 
integrated effect is shown. The atomic frequency standard will enable the 
behaviour of the Earth as a time-keeper to be studied in detail in coming years 
and may provide clues about the causes of the changes in its rate of rotation. 


VIII. THE UNIT OF TIME 


39. The length of the day and of the second being variable, the question arises 

of how to define a unit of time that is invariable. This question was considered 

by the International Astronomical Union at its General Assembly in Dublin 
in 1955, when the following recommendation was adopted: 

In all cases where the mean solar second is unsatisfactory, as a unit of time by reason of 

its variability, the unit adopted should be the sidereal year at 1900-0; that the time reckoned 


in this unit be designated Ephemeris Time; that the change of mean solar time to Ephermeris 
time be accomplished by the following correction: 


AT = + 248349 + 7283165T + 298949T? + 1-821B 


where T is reckoned in Julian centuries from 1900-0 January 0 Greenwich Mean Noon and 
B has the meaning given by SPENCER Jones (1931) in Mon. Not. Roy. Ast. Soc. 99, 541 
and that the above formula define also the second. 


In connexion with this recommendation, it should be noted that the variability 
in the length of the day necessitates a distinction between astronomical time 
(G.M.T.), which is not uniform, and a uniform time in which the day is of 
constant length. This uniform time has been designated Ephemeris time, 
because the astronomical ephemerides, which give the positions of Sun, Moon, 
planets, etc., computed from the tables of the motions of these bodies, are 
necessarily derived on the assumption that the length of the day is invariable. 

40. It has since been agreed that in the above resolution the sidereal year 
should be replaced by the tropical year, which is the time required by the true 
longitude of the Sun, referred to the mean true or moving equinox, to increase 
by 360°. The sidereal year, on the other hand, is the time required for the mean 
longitude of the Sun, referred to a fixed equinox, to increase by 360°. The length 
of the tropical year, which is the year of the seasons, is obtained by direct 
observation, while the length of the sidereal year can be derived from it only 
when the constant of precession is known. Any change in the adopted constant 
of precession, whose true value is not precisely determined, would therefore 
change slightly the length of the sidereal year but would not affect the length of 
the tropical year. 

The length of the tropical year is known with high precision and from it the 
length of the second can be derived. 

41. The international Comité Permanent des Poids et Mesures has adopted 
as the definition of the second, as the fundamental unit of time, the following: 


In terms of the length of the tropical year, the second can be derived as the fraction 
1/31556925-975 of the tropical year for 1900-0. 
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The second, as thus defined and adopted by the Bureau des Poids et Mesures, 
has legal status. 

42. The question arises how the second, as the fraction 1/86400 of the mean 
solar day at the present time, can be related to the second as defined above, i.e. 
the value of the second at 1900-0. 

The correction to the Sun’s longitude, on the basis of Newcomb’s Tables, 
was derived by Spencer Jones and is given in the formula on p. 195. The time 
required for the mean longitude of the Sun to increase by 1” is 242349. Multi- 
plying /’ by 24-349 gives the above expression for T. 

If the observed position of the Sun at astronomical time T, agrees with the 
position, at ephemeris time T, interpolated from the Ephemeris of the Sun, the 
difference between them is AT. The Ephemeris, or uniform, time corresponding 
to a particular instant of the non-uniform astronomical time can therefore be 
derived. But the slow motion of the Sun in longitude makes this method an 
insensitive one. It is much more convenient to use the Moon, whose motion 
in longitude is 13-4 times that of the Sun. The observations of the Moon, 
compared with its position on gravitational theory, provide the value of B, the 
fluctuation in the Moon’s longitude. When B has been derived the value of AT 
can be computed from the formula above. 

From the rate of change of B, the length of the mean solar day at time T can 
be related to its length at 1900-0, and thus the length of the second at any time T 
can be related to its value at 1900-0. 

43. The second at 1900-0 as the standard of reference can most conveniently 
be retained by means of caesium atomic-frequency standards. The frequency of 
these standards can be accurately determined in terms of the present length of the 
mean solar second. When this second has been related with sufficient accuracy 
to the mean solar second at 1900-0 the frequency of the atomic-frequency 
standards can be determined in terms of the second of 1900-0. At any subse- 
quent time, the frequency can be determined in terms of the current length of 
the second, which can therefore be directly related to the second of 1900-0. 


IX. CAUSES OF VARIATIONS IN THE EARTH’S ROTATION 


44. We have seen that the rate of rotation of the Earth is subject to variations 
of three different types: (1) slow secular retardation; (2) irregular fluctuations, 
whose effect is sometimes to speed up and sometimes to slow down the rate of 
rotation; (3) variations of a seasonal nature which, as far as evidence is at 
present available, remain approximately the same from year to year, both in 
amplitude and phase. The available observational data do not at present permit 
of a unique separation of the variations of the first two types. If the close 
relationship between the natural period of resonance of the atmosphere and the 
period of the Earth’s rotation is not purely accidental, which seems inherently 
improbable, it is reasonable to conclude with Holmberg that the rotation of 
the Earth was gradually slowed down by tidal friction until it approached the 
resonance period of the solar semi-diurnal atmospheric tide; this tide then 
greatly increased until its accelerating effect counteracted the retarding effect 
of the oceanic tides; a statistical balance between the two effects then ensured, 
as a consequence of which sometimes the one and sometimes the other may 
for a while be predominent. We have seen that the combined effect will be 
responsible for a secular acceleration of the motion of the Sun but that it is 
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uncertain whether or not there is a secular acceleration of the motion of the 


Moon. 
45. Causes that have been suggested to account for the three types of variation 
must be considered. 


(i) Secular Retardation of the Earth’s Rotation 


It is conceivable that there may be a secular change in the moment of inertia 
of the Earth. In that case, equation 4 must be modified and becomes 
dw ‘ dC 
at =—-N—-N-+N 
If we can assume that over a period of centuries wdC/dt has a constant value 6, 
the ratio of the secular accelerations of the Moon and Sun becomes 


k—3 


N+N—N' +6 


This equation is of the same form as equation 9 with N” replaced by N” — 6. 

46. Urey (1951) has suggested that the moment of inertia of the Earth is 
decreasing secularly as a consequence of the continuous formation of an iron- 
nickel core, which sinks towards the centre as it is formed. This would require 
6 to have a negative value. 

YOUNG (1953) considered the effect of a secular change in sea level. At the 
present time there is a general recession of glaciers in almost all parts of the 
Earth which, if progressive, would cause a secular rise in sea level. Young 
found that a progressive rise in sea level at the rate of 1 cm per century would 
increase the moment of inertia of the Earth at a rate sufficient to cause a secular 
acceleration of the Moon of 2” per century, provided there was no isostatic 
compensation. His discussion, however, neglected the effect of the atmospheric 
tidal accelerating couple. There may, indeed, be either a secular rise or fall in 
sea level, corresponding to which 6 would have a positive or negative value 
respectively. Observational data are not adequate to decide whether there is 
any secular change in mean sea level. MUNK and REVELLE (1952a) collected 
the data for mean sea level from 132 tide-gauge stations all over the world. 
The results from nearby stations were combined, and the average mean sea 
levels for three consecutive decades, starting in 1901, were derived for 50 
localities. The changes differed in amount and sign from one location to the 
next and were variable with respect to time. The data were analysed on three 
alternative assumptions (melting of the Antarctic ice-cap only, of the Greenland 
ice-cap only, and of both ice-caps). On the assumption that there is no isostatic 
adjustment, they concluded that the maximum possible change in sea level from 
1901 to 1930 cannot have altered the length of the day by more than 0-6 ms, 
whereas if the whole of the observed change in the length of the day during this 
period were to be attributed to change in mean sea level, it would require the level 
to be lowered by 63 cm, which is not supported by the observational data. 

Munk and Revelle pointed out, moreover, that any effect which is not 
symmetrical about the axis of rotation would produce a tilt of the axis, and there- 
fore a displacement of the poles of rotation. The observations of the International 
Latitude Service have shown that during the last 60 years the mean position of 
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the pole has certainly not changed by as much as 15 feet. If the observed change 
in the length of the day between 1901 and 1930 were to be attributed to changes 
in mean sea level, the asymmetry in the distribution of land and sea would 
have entailed a displacement of the pole of rotation far greater than indicated 
by the latitude observations and, in fact, in a direction opposite to that observed. 

A heating or cooling of the oceans as a whole would produce changes in the 
mean sea level. A heating of the entire oceans by 1°C would raise the sea level 
by 60cm. MUNK and REVELLE (1952b) find that this effect can be neglected 
as far as the Earth’s rotation is concerned, because any addition of mass at the 
surface of the oceans requires a corresponding removal at depth. 

The inclusion of the 6 term in the equation for the ratio of the secular accelera- 
tions of the Moon and Sun merely provides an additional unknown which 
would assist in enabling agreement to be obtained between whatever values of 
the secular accelerations of the Moon and Sun are adopted as most probable and 
the computed values of the various couples. The data at present available do 
not enable any decision to be reached as to whether there is any secular change 
(either increase or decrease) in the rate of rotation. As we have seen already, 
the observational data can be satisfied without including the term or, in other 
words, by assuming that there is no secular change in the rate of rotation. 


(ii) Irregular Fluctuations in the Earth’s Rotation 


47. The existence of such fluctuations is well established but practically 
nothing is as yet known about their morphology. There have been changes in 
the length of the day during the present century of as much as 5 ms and changes 
of this magnitude have certainly taken place within a few years at most. Since 
about 1918, however, the fluctuations in the Earth’s rotation have not been very 
great. Modern precision clocks of the quartz-crystal oscillator type would 
have enabled changes in the rate of rotation comparable in magnitude with 
those that occurred around 1898 and 1918 to be detected. Now that atomic 
frequency standards are available, against which the quartz-crystal clocks can be 
monitored, it is to be expected that detailed information about the fluctuations 
in the rate of rotation will become available in future years. It will then become 
possible to check whether the assumption that the fluctuations in the motions 
of the Moon, Sun and planets are due to the integrated effect of frequent small 
changes in the rotation is correct or not. 

Changes in the length of the day of a few milliseconds may seem small. It 
is not possible to account for them by localized effects only. As de Sitter 
pointed out, if the whole of the Central Asian high plateau, including the whole 
of the Himalayas, were reduced to sea level, the change in the length of the day 
would not be as great as 1 ms. It seems, therefore, that we must look rather to 
phenomena that affect the Earth as a whole. An increase or decrease in the 
radius of the Earth of a few inches would be sufficient to change the length of 
the day by several milliseconds; such a small change in the radius could not 
possibly be detected by observation and, as it would not affect the positions of 
the poles, observations of latitude would not be affected. The search for a 
plausible hypothesis is complicated by the fact that there have been occasions 
when an appreciable increase in the length of the day and an appreciable decrease 
have occurred within a few years of each other. Any large-scale phenomena 
that are involved must consequently be capable of rapid reversal. 
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48. Correlations have been sought between the major changes in the length 
of the day during the past couple of centuries and the frequency of occurrence 
of earthquakes as possibly indicating some deep-seated phenomena. But the 
information about variations in the seismic activity of the Earth are not suffi- 
ciently comprehensive and complete for such a correlation to be established and 
it seems inherently improbable, moreover, that a satisfactory explanation on 
this basis can be expected. 

The most plausible hypothesis that has been suggested is an electromagnetic 
coupling of the Earth’s mantle to a turbulent core. There is a general westward 
drift of the Earth’s magnetic field, which is most clearly shown in the regions 
of large secular change in the field. Vestine has shown that since 1890 this 
westward drift has not occurred at a uniform rate and that the variations in the 
rate of drift are correlated with the observed variations in the length of the day. 
This conclusion must be accepted with some reserve, for not only is the period 
of time on which it is based much shorter than is desirable for a firm conclusion 
to be drawn, but also there have been only two major changes in the length of the 
day during this period. It must remain for the future to substantiate or disprove 
the reality of the correlation. 

BULLARD (1950) has explained the general westward drift of the field on the 
hypothesis that thermal convection, due to radioactive heating, causes a flux 
of matter between the inner and outer portions of the core. The associated 
flux of angular momentum will tend to increase the rate of rotation of the inner 
portion and to decrease that of the outer portion of the core, so that features 
in the outer core drift westwards relative to the mantle. Electromagnetic 
coupling between the core and the mantle changes the angular velocity of the 
mantle. The relationship appears on investigation to be quantitatively in 
reasonably good agreement with observation. 


(iii) Seasonal Fluctuations in the Earth’s Rotation 

49. Various seasonal phenomena, such as shifts in air masses, melting of 
polar ice-caps, variations in atmospheric and oceanic circulations may be 
expected to have a seasonal effect on the rotation. 

The first attempt at an explanation was made by MUNK and MILLER (1950), 
whose argument is here summarized. 

Let Je, Ja, [9 denote the moments of inertia of the solid Earth, atmosphere, 
and oceans respectively; {22 the angular velocity of the Earth, wa, wy the com- 
ponents along the Earth’s axis of the angular velocities of the atmosphere and 
oceans respectively relative to the solid Earth. 

For seasonal effects we can neglect secular changes caused by tidal friction. 


Hence 
TeQe + + Wa) + + = constant. 


By differentiation we have 
AQ. A(Ua@a) A(Ip@o) Al 
where J = Je + Ja + Jy is the total moment of inertia. 


Munk and Miller computed the relative angular momentum of the atmosphere 
for the months of January and July, these two months being assumed to represent 
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the extreme conditions of winter and summer. The data about atmospheric 
circulation were admittedly far from complete and in many respects unsatis- 
factory, particularly for the southern hemisphere. 

For the circulation of the oceans, only the antarctic circumpolar current and 
the equatorial easterly current system, which were believed to be the two largest 
current systems, were considered. Various effects that would lead to changes of 
inertia of the atmosphere, ocean, and Earth were computed and estimated. 

The magnitudes of the estimated differences between January and July were 
as follows: 

~ + 1-6 x 10-8 
A(Ip@)/IQ2e ~ 0-15 x 10-8 (plus or minus) 
Al|/I ~ 0-12 x 10-8 (plus or minus). 


The value of — AQ¢/Q- derived from the observed seasonal variation in the 
Earth’s rotation is about 2 x 10-8, which is in close accord with the estimate of 
Munk and Miller. Their investigation suggests that the seasonal variation in the 
angular momentum of the atmosphere is the primary cause of the annual 
fluctuation in the rate of rotation and that it is quantitatively adequate. 

The investigation was carried a stage further by Mintz and Munk (1951, 
1954), using new and more complete, but still somewhat inadequate, data for the 
zonal winds and extending the computation to months other than January and 
July. They considered also the effect of seasonal changes in the semidiurnal Earth 
tides consequent upon the seasonal changes in the distance and latitude of the 
Sun. The effect of the winds was to produce an annual term; that of the Earth 
tides was to produce a semi-annual term. The combined effect of these two 
terms proved to be in excellent agreement with the annual fluctuation in the 
length of the day derived from the Greenwich time determinations: the agree- 
ment was probably somewhat fortuitous, being much better than could have 
been expected from the incompleteness and inadequacy of the meteorological 
data. 

50. During the International Geophysical Year a vast mass of data about 
the general circulation of the atmosphere was accumulated. Networks of 
meteorological stations were established from the Arctic to the Antarctic 
along the three meridians of 80° W, 10° E, and 140° E, at which data about 
wind velocity and direction, not only at the surface but, with the aid of balloons, 
up to considerable altitudes, were regularly obtained. When the data accumu- 
lated during the 18 months of the enterprise are available, it will become possible 
to compute with considerable accuracy the angular momentum carried by the 
winds and its seasonal variations. A reliable decision will then be possible 
whether the combined effect of winds and earth-tides will account precisely for 
the seasonal variation in the rotation of the Earth; this seasonal variation will 
also be derived with high accuracy from the time determinations made during 
the same periods. 
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ON DETERMINATION OF EARTHQUAKE 
MECHANISM 


By L. M. BALAKINA, E. F. SAVARENSKY and A. V. VVEDENSKAYA 
Institute of Earth Physics U.S.S.R. Academy of Sciences 


I. INTRODUCTION 


THE investigation of the processes occurring in the focus of an earthquake or the 
so-called mechanism of the focus is one of the important seismological problems 
of the conditions and causes of the occurrence of earthquakes. The solution of 
this problem is connected with the problems of elastic waves propagation and 
the study of the Earth’s inner structure. 

The processes taking place in foci are being investigated in two ways: by 
means of macroseismic observations and by means of instrumental observations 
of seismic waves. 

In epicentral regions of strong earthquakes the continuity of the Earth’s 
crust is sometimes broken, and fractures, thrusts and faults are formed. The 
study of these dislocations demonstrates that earthquakes are a result of dis- 
placements along newly appearing or already existing faults. The earthquake of 
1906 in San Francisco is an example of such an earthquake. The earthquake 
was caused by a considerable horizontal displacement along the San Andreas 
fault stretching for hundreds of kilometres. 

The formation of a fault and the displacement of adjoining blocks along the 
fault are considered as the most widely-spread type of dislocations of the Earth’s 
crust or the mantle continuity in the process of an earthquake. 

At sufficiently great epicentral distances, observations of the field of displace- 
ments in longitudinal and transverse waves can be used for the determination 
of the characteristics of movements in the focus. 

As far back as 1905 it was noticed that when longitudinal waves arrive at 
seismic stations both compressions (displacement in the longitudinal wave is 
directed from the epicentre) and dilatations (the displacements is directed to the 
epicentre) (KAWASUMI, 1937). Then nodal lines separating dilatation and 
compression zones were determined on the Earth’s surface and attempts were 
made to find the direction of displacements in the focus judging from the form 
and distribution of these lines. 

The macroseismic study of epicentral regions and the investigation of the 
observed fields of displacements of seismic waves permitted to represent earth- 
quake foci with the help of such theoretical sources of elastic waves for which 
the displacement field is known and similar to the observed displacement 
fields. Such theoretical sources can be considered equivalent to foci. Since the 
processes in real foci are very complicated the theoretical source equivalent to 
the focus is more or less roughly idealized. 
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In 1923 NAKANO investigated the field of displacements occurring in a homo- 
geneous elastic space when different concentrated sources are acting and tried 
to explain the observed distribution of compressional and dilatational waves 
using the obtained results. 

At present in Canada and inthe U.S.S.R. earthquake foci are investigated on a 
wide scale, the base of these investigations being the representation of earthquake 
foci as point sources for example (HODGSON, 1955, 1956, 1957; HopDGsoN and 
MILNgE, 1951; HODGSON and BREMMER, 1953; HopDGsON and Storey, 1954; 
HopGson and Cock, 1956; HopGson and STEVENS, 1958; KEYLIS-BOROK, 
1950, 1951; KOGAN, 1955, 1956, MALINOvVSKAYA, 1954, 1955). 

Another approximation to real foci is their representation as volume 
sources. 

Using a great number of observations of the distribution of signs and values 
of displacements when seismic waves arrive from near earthquakes, Japanese 
seismologists, for example (HONDA, 1932, 1954, 1957; HoNDA and Miura, 
1938; HONDA and MASATSUKA, 1952; HONDA, MASATSUKA and EmurA, 1956) 
came to a conclusion that the theoretical source equivalent to the focus could be 
conceived in the form of a sphere of a small radius on the surface of which the 
distributed radial forces are specified. The amplitude ratio of longitudinal and 
transverse waves of such source depends on the value of the sphere radius. It is 
strongly changed when the radius value appears to be comparable with 
wavelengths. 

Of late investigations are being conducted in the Soviet Union to represent 
foci as finite dislocations (VVEDENSKAYA, 1956, 1958, 1959). The following 
considerations suggest an application of the Volterra theory of dislocations for 
the study of faults in earthquake foci. As was mentioned above the processes 
of the occurrence of earthquakes are connected with ruptures of the continuity 
of the medium in the focus. It can be supposed that a rupture accompanied by 
a slip in the conditions of considerable hydrostatic pressure is the most probable 
form of displacement in earthquake foci since the plastic deformation preceding 
the dislocation is associated with shear movements of particles in the direction 
of the maximum tangential stresses. Such movements lead to the formation 
of glide surfaces with which the occurrence of earthquake is connected. Pro- 
ceeding from these considerations the limited area of the rupture, the opposite 
faces of which move one relative to the other in the glide plane, is considered as 
the most probable model of an earthquake focus. The displacement field for 
such a source is drawn from the results of the dislocation theory. It is determined 
by stresses which are removed from the faces of the fault at the moment of its 
formation. 

In all cases the determination of the characteristics of movement in the 
focus is performed on the basis of the comparison of the theoretical displace- 
ment fields with the observed ones. Since the displacement fields of elastic 
waves are calculated for an elastic homogeneous space, the effect of the inhomo- 
geneity of the Earth as well as the reflection effect of its surface is allowed for 
when comparing the theoretical fields with observed ones. 

In this paper there are described the existing methods of the calculation for 
the determination of sources equivalent to the earthquake foci. In the mathema- 
tical formulae are used the marks accepted by authors of the described 
methods. 
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II. REPRESENTATION OF FOCI AS POINT SOURCES 


The most simple is the representation of foci as concentrated forces. Such a 
concentrated or point source is the limit of the forces distributed in the volume 
when the volume becomes zero, and the system of forces is replaced by the 
resultant force (if the moment is equal to zero). The use of the concentrated 
sources is possible if the size of the focus is small as compared with hypocentral 
distances and lengths of radiated waves. The conception of the concentrated 
force is introduced in the following way: On an area Q, let a field of the volume 
force be distributed K(x, y, z, ), and outside this area the forces are absent. 
Now we go on to the limit, assuming that the area Q is infinitely decreasing 
becoming a point Xp, Vo, Z) and ff K(x, y, z, )dx dy dz is approaching to a 
Q 

finite limit K(t). K(t) is a simple force applied at the point x9, Vo, Zp. 

In a homogeneous elastic space, let a concentrated force K(t) be acting at the 
origin of the coordinates in the direction of the X-axis. Then the displacement 
field caused by the force K(t) is derived from the formulas (Love 1927): 


1 1 r 1 r 
1 r 
+ K( -;) 


1 orérfl r 1 


1 r 1 r 
here u,v, w are components of the displacements for the coordinates x, y, z 
respectively; p is the density of the elastic medium; a and bare the velocities of 
longitudinal and transverse waves; r is the distance of the observation point 
from the source. 

By superposing the displacement fields of two oppositely directed concen- 
trated forces with displaced points of application one can obtain a source as a 
double force without moment or with moment or finally as a multipole. 

If in the direction of the x-axis at the origin of the coordinates the force 


1 
i K(t) acts, while for instance at the point (0,/,0) an equal but oppositely 


directed force is applied then (A infinitely decreasing) the resultant components 
of the displacement u, v2, w2 will be the following at the limit: 


where u, v, w are found from (1). 
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(a) Method of Byerly-Hodgson 

The method of Byerly consists in the determination of the direction of 
movements in the focus from the observations of signs of displacements when 
longitudinal waves arrive at distant seismic stations. The development of this 
method was preceded by a NAKANO paper (1923). Byerly elaborated his method 
making an assumption that the theoretical source equivalent to the focus is a 
double force with moment. These investigations are represented in a number of 
papers from 1926 to 1955. 

The double force with the moment generates a field of longitudinal waves 
where the zones of compression and dilatation are separated by two perpendi- 
cular planes passing through the source. The plane containing the vector of the 


Fig. 1. The cross section Fig. 2. A diagram showing the determination 
of the globe passing of the “extended” distance for surface focus. 
through a surface focus. 


moment and parallel to the acting forces is taken as the fault plane; the plane 
perpendicular to the direction of forces is named auxiliary. The orientation of 
these planes in space is determined by the position of nodal lines on the Earth’s 
surface. The method allows these planes to be determined from the observations 
of displacement signs when longitudinal waves arrive. However, it does not give 
an unambiguous solution which of the planes is the auxiliary and which one is 
the fault plane. 

To avoid the effect of the curvature of rays on the form and position 
of nodal lines Byerly suggests the following method. The observed dis- 
placement signs when longitudinal waves arrive are noticed in points of 
emergence of the “extended” seismic rays (tangents to them in the focus), 
which correspond to the transition of observation stations to the points of 
emergence of rays to the Earth’s surface in case of the homogeneous Earth. 
The obtained points are named the “extended” positions of the stations. Fig. 1 
shows a cross-section of the globe passing through a surface focus E; S is the 
real position of the station; S’ is its “extended” position, F is the projection 
of the fault plane upon the secant plane. 

The fault plane and the auxiliary plane are determined by means of a polar 
stereographic projection (a map) with the anticentre of the earthquake in the 
centre of the projection. 

Each observatory is plotted on the stereographic projection in the correspond- 
ing azimuth relative to the epicentre and on the corresponding “extended” 
distance. For surface foci the “extended” distance OB of the observation point 
is determined as R tan e, Fig. 2, where R is Earth’s radius, e is angle of emergence. 
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The intersection line of the fault plane and the auxiliary plane with the Earth’s 
surface is projected on the map in the shape of a circumference. One of the 
points of their intersection coincides with the projection of the epicentre. The 
arcs of the circumferences are the boundaries between the compression and 
dilatation zones (Fig. 3b). 

The Byerly method was further applied by Hodgson to deep earthquakes. 
In this case all observations were reduced to the surface at the focal depth. 
(HopGson and Storey, 1953). HopGson and his collaborators (1953, 1954a, 
1954b, 1956) drew special tables of “‘extended” distances for the rays of P, 
PKP, PcP, PP, and pP waves for different focal depths. HopGson (1951) 


N 


Fig. 3. An example of the nodal lines position on the map. 


showed that the values of the radii of two circumferences, one of which is the 
projection of the intersection of the auxiliary plane, and the second is the pro- 
jection of the intersection of the fault plane with the Earth’s surface, satisfy 
the condition of the orthogonality of the planes under consideration. The 
orthogonality condition can be written as follows: 


6’ = 90° — arc tan (tan 6 sin 


where 6 and 0’ are the angles formed with the Earth’s surface by the fault plane 
and the auxiliary plane respectively; ® is the angle between the strikings of the 
fault plane and the vertical plane containing the vector of movement (plunge 
plane) (HODGSON and MILNE, 1951). The radii of the circumferences represent- 
ing the stereographic projections of the fault plane and the auxiliary plane are 
determined by p, = $R tan 6 and p, = }R tan o’ respectively. 

To solve the problem first it is necessary to plot the “extended” positions of 
the stations with the displacement signs (when longitudinal waves arrive) on the 
map, then two circumferences are drawn so that they be the nodal lines passing 
through the epicentre and their radii satisfy the condition (3). 
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Fig. 4 gives an example of the interpretation of the earthquake, September 
12, 1955 at 06 h 09 m (HODGSON and STEVENS, 1958), and shows two possible 
positions of the fault plane. Arrows show the horizontal components of the 
movement vector in the focus. 

Many earthquakes from various seismic zones were interpreted by the method 
of Byerly (HODGSON and MILNE, 1951; HODGSON and Bremner, 1953; HopG- 
SON, 1955a, 1955b, 1956a, 1956b; 1957; HODGSON and Cock, 1956; HODGSON 
and STEVENS, 1958). As a result it appeared that irrespective of the choice of the 
fault plane position the horizontal components of the movements in the focus 
predominate in the majority of cases. No regularities are noticed in the orienta- 
tion of the possible fault planes. The both possible fault planes usually dip 
steeply. It was found the projections of the lines of intersections of the nodal 
planes on the Earth’s surface are parallel to the striking of the corresponding 
structures (HODGSON, 1957). 


(b) Method of Keylis—Borok 

The investigation of foci according to the Keylis-Borok method is based on 
the study of the distribution both of signs and the amplitudes in longitudinal 
and transverse waves. Keylis—-Borok studies the displacement fields of longitu- 
dinal and transverse waves for the double force with moment as well as for a 
number of other sources. 

For any form of the function of the source K(t) having the initial function 
the displacement fields can be divided into displacement fields of longitudinal 
and transverse waves. With this purpose the following function is introduced: 


tre 
F(t) = [ K(t')dt'dt 
0/0 


The integration by parts gives 


la 


This means that the displacement field for any source can be represented in 


the form 
ul = ul + uh; (¢ = x,y, 2) 


ui and uj are the components of displacements in longitudinal and transverse 
waves respectively. 

The following types of concentrated sources are considered in papers by 
Keylis—Borok (GOTZADZE, KEYLIS-BOROK and others, 1957): 

1. Simple force K(t). (Source of the first order) applied at the origin of the 
rectangular system of coordinates x, y, z in the direction, for instance, the x-axis 
(Fig. 5a). The displacements u? , uj, are determined by 
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2. Double force with moment directed, for instance, along z, one force 
+ ; K(t) being applied at the point (0, 0, 0), and the force + ; K(t) at the point 
(0, — h, 0) (Fig. Sb, c). According to (2) when / — 0 the displacement fields in 


this case are determined by 


= ui, 


y 


y 
k>O 
k(t) 
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Fig. 5. Types of point sources. 
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| 
3. Double force without moment, the force i K(t) being applied at the origin 


of the coordinates in the direction, for instance, the x-axis, the opposite force 
of the same magnitude—at the point (— A, 0, 0) (Fig. 5d). The displacement 
fields are found from 


— 


Sources formed in the following way are also considered: 

4. By the superposition of the three mutually perpendicular double forces 
without moment acting along the coordinate axis (the centre of dilatation, 
Fig. Se). 

4 By the superposition of the perpendicularly orientated double forces 
with moment and without moment (Fig. 5g). 

6. By the superposition of the two perpendicular double forces with moments 
of different signs (Fig. 5h). 

7. By the superposition of the double force with moment and the simple force 
(Fig. 5i). 

8. By the superposition of the double force without moment and the simple 
force (Fig. 5j). 

9. By the superposition of two double forces with moments of the same sign 
acting, for instance, along the x and y-axes, (centre of rotation relative to the 
z axis) (Fig. 5k). 

The displacement fields for sources 4, 5, 6, 7, 8, 9 are obtained as a result of 
the composition of the corresponding displacement fields for double and con- 
centrated forces. The systems of concentrated forces enumerated in 2 to 9 are 
named the sources of the second order. The sources of the third order can be 
formed by means of the superposition of the second order sources at the limit. 


(a) (b) 
Fig. 6. Types of point sources, 


10. Double dipole with moment (Fig. 6a) for which (KEYLIS—BoroK, 1951): 
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11. Double centre of rotation relative to the z-axis (Fig. 6b) for which: 


an 
= 


qa — 
uz = 0 


ii, are the components of the displacement caused by the rotation centre. 

To use the formulae given above for the interpretation of observations, a 
geographic system of coordinates is introduced x, y, Z. Its origin is at the source, 
and the axes X, j, Z are directed respectively to the east, north and zenith. 
The coordinates of a point in the systems x, y, z and X, J, Z are related as follows: 


q = Xa, + yp, + 27, 


where q is one of the coordinates xyz; «,, 8,, y, are the directing cosines of the 
g-axis in the system xX, p, Z. The displacement in the longitudinal wave is designated 
by u,, in the transverse wave its two components are considered separately: u? 
corresponding to the wave polarized in the vertical plane containing z, and u# 
corresponding to the wave SH polarized horizontally (x, 9). The displacement in 
the longitudinal wave and the SV-wave is taken as positive if it is directed from 
the epicentre. The displacement in the SH wave is positive when it is directed 
clockwise relative to the source if looked at from above. 

The formulae for the displacement fields at distances considerably greater 
than the wavelength can be given as: 

fs 


u, = 
ra'+1 


lis the order of the source, and 
1-1 


é 
= 
In Table | the kind of functions /,, f,, fy for the considered sources is given 
(GOTZADZE, KEYLIS—BoROK and others, 1957). 
In the table the following designations are accepted: 


Ja, xB, 


Dp 


(Xu, + cos?i — Zy,sin?i xcos*i— Zy, 
sin i cos i ~ sini cos i 
where i is the angle of the incidence of the ray; 


Vt (v = a, b); = at 
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Table 1 


‘ 


. Simple force . 
Dipole with moment ‘(symmetric shear) 
. Dipole with moment and the simple 

force (asymmetric shear) y Py 

. Dipole without moment (symmetric 
break away) gtx 

. Dipole without moment and the simple 
force (asymmetric break away) x x Xp 

. Dipole with moment and without mo- 
ment (combination of the shear and 
the break away) . 

. Two dipoles with moment of different [2xy cos? i — Z sin a(ya, + 
signs (shear two (Yay + Yyx)]: + xa,)— cos 
planes) sini. cos i + xBy) 

. Centre of rotation . g? 

. Centre of dilatation (explosion) : 0 0 

- Double dipole with moment (narrow 
horst or graben) . gry? 

. Double centre of rotation ‘(rotation of 


The character of the geological dislocations accepted by author for the 
sources is indicated in Table 1. 

The type of the source equivalent to the focus and the orientation of the 
source axes are found from the comparison of displacements calculated from 
the formulae of Table 1 with the displacements of longitudinal and transverse 
waves generated in the real focus. To determine the displacements in the wave 
generated by the focus from the ground displacements recorded by seismographs 
it is necessary to exclude the effect of reflections and refractions at inner boun- 
daries. In a paper by KOGAN (1955), plots for the corresponding calculation are 
given. The effect of the interface boundaries is calculated on the assumption 
of plane waves. 

The orientation of the source axes relative to the geographic coordinates was 
determined on the Wulff stereographic projection. It is a projection on the 
equatorial plane of the upper or lower semi-sphere with the centre in the focus. 
The vertical diameter of the projection is directed to the north, the horizontal 
to the east. Projections of the points of emergence of the tangents to the rays 
in the hypocentre to the semi-sphere surface are plotted on the Wulff projection 
in the coordinates of «, (azimuth from the epicentre to the station) and i, 
(angle between the ray and the vertical line when the ray emerges from the 
hypocentre). These projections are called conventional points. The observed 
signs of displacements and the ratios of the values u,, u?, ul are affixed to the 
conventional points. All the conventional points are projected on the semi- 
sphere irrespective of the upward and downward direction of the ray. The 
upper semi-sphere is usually used, the conventional point corresponding to the 
ray directed downwards is taken on the extension of the tangent to this ray in 
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Fig. 7. Nodal lines and the distribution of displacement signs for the 
main sources; all the signs can be simultaneously reversed. 
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the opposite direction. We may determine the surfaces on which the displace- 
ments u,, up? or ui! become zero—the nodal surfaces. In Fig. 7 the projections 
of the intersection lines with the sphere of the nodal surfaces of P, SV and SH 
waves on the Wulff projection and the possible distribution of the displacement 
signs for different sources are given (all the signs can be reversed as well). 

After all the conventional points for which the sign of at least one displace- 
ment component is found are plotted on the Wulff projection a system of nodal 
lines corresponding to the observed distribution of signs is drawn on it. 

To simplify the drawing of nodal lines for sources 1, 2, 4, 6, 8 the projection 
of the x-axis of the source is determined. To this end the ratios of displacement 
in longitudinal and transverse waves are considered: 


Here 


If to substitute the value of u from (12) and the values of /,, f, and fj, from 
Table 1 into (14) these ratios will determine three equations (two independent) 


European stations 


Fig. 8. Interpretation of the earthquake of July 21st, 1952 (California). 
Stations: 1. Fayetteville. 6. Ottawa. 7. Palisades. 8. Honolulu. 9. Weston. I1. 
Resolute Bay. 12. San Juan. 13. Reykjavik. 14. La Paz. 15. Kiruna. 16. Sapporo. 
17. Aberdeen. 18. Sendai. 20. Tokyo. 21. Kew. 22. Uppsala. 23. Matsushiro. 24. 
De Bilt. 25. Copenhagen. 26. Hamburg. 27. Coimbra. 28. Strasburg. 29. Stuttgart. 
30. Basel. 31. Ziirich. 32. Prague. 33. Cartuja. 35. Trieste. 36. Eva Peron. 37. 

Algiers. 38. Belgrade. 39. Christchurch. 
The conventional points 2, 3, 4, 5, 10 approximately correspond to the location of 
stations in Central America that are given in Fig.2 in Gutenberg, 1955 without their 
names. The zone delimited by a rectangle includes the following conventional points: 
13, 15, 17 (us! < 0), 18, 21, 22 (uf > 0), 24-26, 27 (us’ < 0), 28-32, 33 (ua < 0), 
34, 35, 37, 38. 
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relative to the directing cosines of the x-axis. Each equation determines an 
are on the Wulff projection. The projection of the x-axis is the intersection 
point of two arcs. In a paper by MALINOVSKAYA (1954), a set of charts is given 
which simplify the drawing of such arcs. 

Keylis—Borok believes that a shear in the fault plane is equivalent to the dipole 
with moment, therefore for the determination of the source mechanism prac- 
tically one model is used, i.e. the dipole with moment. And the nodal plane 
containing the vector of the moment and parallel to the acting forces is assumed 
to be the fault plane. In this plane the direction of movements is established. 

In Fig. 8 an example of the interpretation of the Kern County earthquake of 
July 21, 1952, is demonstrated (GOTZADZE, KEYLIS-BoROK and others, 1957). 

The Keylis-Borok method was applied for the investigation of more than 
two hundred earthquakes in various regions of the U.S.S.R. and the adjoining 
areas. (KOGAN, 1955, 1956; MALINOvSKAYA, 1955; GOTZADZE, KEYLIS-BOROK 
and others, 1957). 

Faults of the latitudinal striking, transverse to the striking of the bedrocks 
appeared to be predominant in the investigated part of the Pacific ocean. The 
fault planes generally dip steeply to N. Movements in foci are in most cases 
almost horizontal. 

For the rest of the investigated seismic zones separate areas can be dis- 
tinguished where the parameters of foci are characterized by a certain predomi- 
nant striking of fault planes, the direction of dipping or the type of movements. 
Fig. 9 is a map where the main peculiarities of sources in the investigated seismic 
regions are indicated. 

It was proposed in the paper of IANOvSKAYA (1958) the method of using the 
surface waves for the determination of the axes position of the double force with 
the moment. 


III. REPRESENTATION OF FOCI AS VOLUME SOURCES 


The representation of earthquake foci as volume sources is dealt with in some 
papers (HONDA, 1932, 1954, 1957; HoNDA and Miura, 1938; HONDA and 
MASATSUKA, 1952; HONDA, MASATSUKA, EMuRA, 1956). 

When choosing a source of elastic waves equivalent to a focus the authors 
used the observations of the displacement field of waves P and S from Japanese 
earthquakes. 

A focus of deep and intermediate earthquakes (H > 100 km) is represented 
as an equivalent source in the form of a sphere with a small radius divided into 
four parts by two perpendicular planes passing through the centre; in two 
opposite parts of the sphere surface radial forces of compression and in the two 
others forces of tension act. In case of a small depth of the focus (H < 10 km) 
the volume source is substituted by a plane circle with its centre in the epicentre, 
the radial force is distributed on the area of this circle. 

The techniques of the interpretation suggest the use of observations of near 
stations only. 


Deep and Intermediate Earthquakes 

Let the origin of the spherical system of coordinates r, 0, 6 be placed in some 
point of an elastic homogeneous space. The density of the medium and the 
Lame constants are p and A, w respectively. The general solution wave equation 
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for the propagation of spherical waves in a homogeneous elastic space is obtained 
by SEZAWA and KANAI (1932). 

A particular case of this solution will be considered below assuming that 
harmonic forces are distributed on the surface of a sphere with a small radius 
% with the centre at the beginning of the coordinates as follows: 


(F,),-, = F sin 20 cos ¢ e*?! 
= 9 ... 
= 0 


7a (hr) os 20 cos ¢ 


= cos sin ¢ e*”! 
=— 9 sin 20 cos 
k? r dr 
Wy = 3 {vr (kr)} cos 6 sin ¢ 


{vr (kr)} cos 20 .(17) 


= 


V 20 1 
9/2 


k 9/2 


Here u, v, w are the components of displacements for the coordinates r, 0, ¢ 


respectively; h? = Uy, Vy, Wy, are the components of 


displacements in a longitudinal wave; wus, v2, Ww, are the components of dis- 
placements in a transverse wave. 

At great values of r the expressions for the displacements are: 


0,= =u, sin 26 cos ¢ 


Oy = Vg = Us, cos 20 cos 


1 tol © 
04 = We = — COS 6 cing 


Then 
r 
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Here u, = vai pl?pa3F; it is taken that A=, and u, = 5,20u,; 


k 3 
( *) = 5,20. #%, describes the displacements of the longitudinal wave, and 


%, and #, are 6 and ¢ components of the transverse wave. 


Fig. 10. The distribution of the forces on the original 
sphere with a small radius. 


System of forces (15) (Fig. 10) is equivalent to two mutually perpendicular 
dipoles with balanced moments or to two perpendicular double forces without 
moment, the forces of compression and tension (Fig. 11). 


(0) (b) 


Fig. 11. (a) Two perpendicular balanced dipoles; 
(b) Two perpendicular double forces without moment. 


If the radius of the sphere « is not small but comparable with the length /, 


of the radiated wave P, then the ratio =! is a function of « and /,, “t = 

Dp Dp 
5,20S(«, /,). In Fig. 12, S(«,/,) as a function of ha = Qn 5 is given, (HONDA, 
Miura, 1938). 


The transition from the displacements in a homogeneous elastic space with 
constant velocities to the displacements in a medium with variable velocities of 
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propagation is achieved as follows. The term characterizing the decrease of 
amplitudes with distance for the earth’s mantle is taken as: 


sin © dQ 
R sin R SiN &p 


10 


Fig. 12. The character of the function S(«, /,). 


where the indices ‘‘0” refer to the surface of the Earth, R is the radius of the 
Earth, A is the epicentral distance, © is the angle that is formed by the seismic 


ray emerging from the focus with the radius (HONDA, 1954, 1957). And it is 
assumed that no noticeable discontinuities exist inside the Earth, and the 
absorption effect may not be allowed for. 

When determining the ground displacement values the reflection of seismic 
waves at the surface of the Earth is also taken into account. 

The calculation formulae used for the study of deep and intermediate foci 
are obtained in the following way. In Fig. 13 let S be the point of intersection 


Fig. 13. The diagram showing the relation between the geographical system 
of coordinates (r, ©, ®) and the spherical system (r, 0, ¢). 
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of a seismic ray with a sphere that is the source of disturbances; abc and bd 
are nodal planes of P waves; OQ coincides with the polar axis of the spherical 
system of coordinates (r, 0,4); 9 and ¢ are the coordinates of the point S relative 
to this system; OE coincides with the vertical directed upwards and is the polar 
axis of the geographic system of coordinates (r, 0, ®). Angle © corresponds 
to the angle which is formed by a seismic ray in the hypocentre and the vertical 
directed upwards; angle ® corresponds to the azimuth of the station relative 
to the epicentre counted off from the vertical plane containing the polar axis 
of the spherical system of coordinates (r, 6, 6). From Fig. 13 it is evident that 
the displacement components of the transverse waves ue and ug can be written 
as 
ua = 

9 = 0,cosy + J, sin y 

Ug = Sin — p 


ug determines the displacement component in the transverse waves polarized 
in the plane of incidence of a seismic ray; ug determines the displacement 
component in the transverse waves polarized perpendicularly to the plane of 
incidence of the seismic ray. 

The angles ©, ®, 6, ¢, «, y are related as: 


cos 6 = cos ® cos « + sin © sin « cos © 


sind +4) _ siny 


Displacements [P] on the surface of the earth caused by a longitudinal wave 


are determined as follows: 
[P] = 2 fu, sin 20 cos ¢ 


The components of the horizontal ground displacements in a transverse wave 


are written as: 
= ufug 


[Slo = 2fug 


[S], is the horizontal component of the ground displacement in SV-wave, and 
[S] is the ground displacement in SH-wave; v is the reflection coefficient of the 
horizontal component of SV-wave. Japanese seismologists take the reflection 
coefficients of the longitudinal wave and the SH-wave equal to 2. If the values 
of angles © and ® are known for a certain station then using the given relations 
the angles 6, ¢ and y can be found which are necessary for the calculation of the 
displacements [P], [S], and 

The interpretation of deep and intermediate earthquakes begins with the 
determination of the approximate orientation of the source axes (r, 9, ¢) from 
the observed distribution of displacements in the first arrivals of P and S waves. 
Then using the above-mentioned formulae the displacements are calculated 
which are further compared with the observed ones. If no good agreement is 
found between the calculations and observations the orientation of the source 
axes is changed until a sufficiently good conformity in the distribution of the 
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theoretical and observed displacements is reached (HONDA, 1954, 1957; Honpa, 
MASATSUKA, EMuRA, 1956). 


The Shallow Earthquakes 


The motion generated by harmonic forces is discussed in a paper by NAKANO 
(1930). Let the origin of the cylindrical system of coordinates @, ¢, z be placed 
at some point on the horizontal surface of a homogeneous elastic semispace. 
The z-axis is directed vertically downwards. Inside a circle on the surface with 
the centre at the origin of the coordinates and the radius © < /,, where /, is the 
length of P-wave, radial force sin n¢ is distributed. #,, 0, and J, 
are displacements on the surface caused by longitudinal, transverse and Rayleigh 
waves respectively. The indices w, ¢, z are given to the corresponding displace- 
ment components according to the coordinate. The solution of the wave 
equation for a particular case (n = 2) that satisfies the corresponding boundary 
conditions at @ = @ gives the following expressions for displacements 


~\—2 . 
Dua = 6,9282A, (2° sin 26 


= — 6,9282 x 24, (2" cos 26 


—2. 
Dug = — 2,4494A, 2¢ 


h 
—~\—2 . @ 
= — (1,5000 + 0,1667 x 2)344, = 24 


= — 0,2887 x 31/24, cos 


= — 7,3485 x 3/24, gin 24 


1/2 
= 0,08459 Girt a) sin 26 


3/2 
— 0,04490 G )24, (2 ~'4 cos 24 


1/2 


where A, = — 7? 23)! Van 
constants, 2 being assumed equal to wu. 

The distribution of the force AH"*1 sinn¢ e’”' at n = 2 is of the pattern shown 
in Fig. 14. Such a system of forces is equivalent also to the sum of the two 
perpendicular balanced dipoles (HONDA, 1954). 


AO®, p is the density, 2 and « are Lame 
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At great values of in the directions ¢ where the values sin 24 and cos 2¢ 
are close to each other the main terms for the displacements of the longitudinal 
wave are #,,, and #,,, for the displacements of the transverse wave 044, and for 
the displacements of the surface wave #,,, and #,,. 

The calculated displacement field appears in good agreement with the observed 
field of the amplitudes of longitudinal, transverse and surface waves from shallow 
earthquakes, at near distances the effect of the Earth’s inhomogeneity not being 


(o) (b) 
Fig. 14. The distribution of the force A@*sin2¢e according to azimuth. 


The theoretical study of HiRoNo (1948, 1949) confirmed that at epicentral 
distances from some dozens of kilometres to 1000 km which are most commonly 
dealt with by Japanese seismologists the effect of the term being a function of 
© where © is the angle counted off from the vertical, is not great. 

In selecting a source equivalent to the focus of the surface earthquakes the 
visible deformations of the Earth’s surface in the epicentral region were also 
taken into consideration. The following statistical problem was considered to 
explain these deformations (HONDA, Miura, 1935). 

At a certain point on the surface of a semi-space in the cylindrical system of 


coordinates @, ¢, z a static force D= A, ae + Pye sin 2H acts in a radial 


direction. At 4 =~ the displacement components are expressed as follows 
according to the coordinate. 


3 3 bale? + BY? 3 + 
2b 
= 


b 
2 2 1 


allowed for. 
A, sin 2¢ 1 


On Determination of Earthquake Mechanism 229 


The study of some strong earthquakes showed a good agreement of the 
pattern of relief changes on the area with the calculations by (27). The radial 
force f(@) sin 2 F(t) acting on the surface seems to enable the explanation 
simultaneously of the generation of elastic motion and the deformations on the 
surface in the epicentral region. Here the function /(@) is such that at great 
values of @ it approaches zero. The function F(t) is represented in Fig. 15a 
and b. 

The techniques applied by Japanese seismologists permits the direction of 
the maximum forces of compression and tension acting in the focus to be 
established. The planes passing through the focus and separating the zones of 
compression and tension forces are the nodal planes of P-waves. The position 
of the nodal planes determines two possible positions of the fault plane. 

Figs. 16 and 17 give examples of the interpretation of deep an shallow 
earthquakes. 

The Honda technique described above was applied for the interpretation of 
27 shallow, 10 intermediate and 34 deep earthquakes that occurred from 1927 


(b) 


t 
Fig. 15. The character of the Fig. 16. The initial motion of P for the West 
function F(t). Saitama earthquake of September 21st, 1931. 

@ Compression 0 Dilatation 


till 1949 (HONDA, MASATSUKA, 1952; HONDA, MASATSUKA, EMURA, 1956; 
Honpba, 1957). 

Fig. 18 shows a map where the horizontal components of the compression 
forces acting in the foci of the investigated shallow earthquakes are plotted. 
In the region of the Sea of Japan on the side of the Hoshu island the direction 
of the horizontal components of the compression forces approximately coincides 
with the direction NW-SE. 

The results of the study of forces acting in the foci of deep and intermediate 
earthquakes are shown in Fig. 19. 
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(a); PR (b) ;S. 


1000 Observed 
-------> Theoreticol 


Fig. 17. The horizontal components of the initial motion of P(a) and S(b) for the 
deep earthquake that occurred on February 20th, 1931, near Vladivostock. 


500km 


Fig. 18. The direction of the horizontal maximum pressure for very shallow 
earthquakes, 1927-1949. 
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The obtained results indicate that the directions of the horizontal components 
of the maximum compression forces are perpendicular to the striking of the 
zones of deep and intermediate earthquakes. It is established that in most 
cases in the Pacific Ocean area the forces are directed downwards towards the 
Asian continent. 


IV. REPRESENTATION OF FOCI BY MEANSjOF, DISLOCATIONS 
The theoretical source equivalent to the focus of earthquakes is selected in the 
shape of a limited area of a rupture whose opposite faces move one relative 
to the other in the glide plane (VVEDENSKAYA, 1956, 1958). The dynamic field 


Fig. 19. The direction of the horizontal maximum pressure for deep (@) and 
intermediate (*) earthquakes. 


of displacements for a such a fault is drawn from the results obtained by 
Nabarro in the theory of dislocations. NABARRO (1951) showed that this field 
of displacements can be obtained as a result of the action of a system of uni- 
formly distributed forces within the fault area. This system of forces forms a 
tensor. If an infinitely small part d= of the glide plane area including the 
origin of the rectangular coordinates xyz coincides with the plane xz and one 
face of the fault suddenly moves relative to the other at distance 5 in the direction 
z (such dislocation being preserved afterwards) then the elementary component 
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of the dynamic displacement u,(u; = u,, u,, u,) along the axis x,(x; = x, y, Z) 
at the point (x, y, z) can be written as: 
Uy; Ou, 
uj 
where u,; and u,; are the components of displacements appearing under the 
sudden action of a simple forces numerically equal to “d= applied at the origin 
of the coordinates and directed along the y and z axes, uw is Lame’s elastic 


constant. 
Expression (28) determines the displacement field for two double forces with 


moment applied at the origin of the coordinates. The forces are directed along 
the y and z axes, and their moments—in the opposite directions along the x-axis. 


b 
> 
4 
k 


Fig. 20. The system of forces, that is equivalent to the rupture 
accompanied by slipping. 


If to take another system of coordinates xik whose origin is common with 
the old one but moved relative to the latter by angle 45° about the x-axis then 
in this new system of coordinates expression (28) will determine the displace- 
ment field for two double forces without moment applied at the origin of the 
coordinates and perpendicular to the coordinate planes x0i and x0k. In the 
plane x = 0 a double force of compression acts in the direction 7 satisfying the 
condition y = z while in the direction k satisfying y = — z a double force of 
tension acts (Fig. 20). The following expression shows the mathematics of 


this conclusion. 
where u,, and u;; are the components of the displacements along the axis 
x(x; =X, y, Z) caused at the point (x, y, z) by the suddenly applied simple 
forces at the origin of the coordinates that are numerically equal to ud and 
directed along the bisectors of the coordinate angles (along the axes i and 
k) in the plane x = 0. Thus the appearance of the dislocation on d& is 
equivalent to the sudden distribution of a system of mutually balanced forces 
on this area. 
These results are used for the study of stresses and orientation of faults in 
earthquake foci in the following way (VVEDENSKAYA, 1959, 1960). 
The formation of a rupture in the focus leads to an instantaneous removal 
of stresses from the fault surface, which is equivalent to a sudden application 
of stresses that are determined by the forces mentioned above at each point 
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of the fault area. These forces are equal and oppositively directed to those which 
were on the fault surface before the moment of the rupture of the medium 
continuity and which determined the tensor of stresses at each point of area. 
Therefore the principal axes of the tensor are parallel to the axes kxi. The static 
stresses on the area of the subsequent fault that are removed at the moment 
of the rupture formation are called the stresses acting in the focus. 

The stresses in the focus are determined by means of the observations of the 
displacement fields of longitudinal and transverse waves from earthquakes in 
the following manner (VVEDENSKAYA, 1956, 1959). In expression (28) an inte- 
gration is performed on a certain finite surface and as a result the expressions 
for the dynamic displacement fields in an elastic space are obtained. 

The following expressions are used to determine the principal stresses in the 
focus 


1 yz 


1 R? A(y2) 


where u, is the displacement in a longitudinal wave, u,; is the component of the 
displacement along the axis x,(x; = x, y, z) in a transverse wave, p is the radius 
of the fault area assumed to have the shape of a circle, a and c are the velocities 
of propagation of longitudinal and transverse waves, R = Vx? + y? + 2°. 

These formulae are reduced to the form convenient to use them for the 
interpretation of seismic observations by introducing another system of coordi- 
nates the origin of which coincides with the earthquake focus, and the axes 
XjzZ are directed N, E, and Z respectively. 

The coordinates *Z of the observation stations in this system can be obtained 
from the following formulae 


= RcosecosAz; ~= RcosesinAz; Rsine 


where Az is the azimuth from the epicentre to the station, e is the angle made 
by a ray or the tangent to the ray emerging from the focus with a horizontal 
plane. R is the distance to the station which is excluded from further 
determinations. 

If m,, n,, 1; are the cosines of the angles made by the directions of the source 
axes y, z and the geographic axes x, j, Z respectively, the following expressions 
will be obtained for the displacement ratios in waves P, SV and SH proceeding 
from formulas (30) and (31). 


2yz 
=k 
y(Xn, — Jm,) + 2(Xn, — (32) 


2yz sin? e + 2(zl, + yl,) (33) 
[y(&n, — + — Fm,)] sin?e 
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where u,, uy and u,,, are displacements in P, SV and SH waves. The displace- 
ment in a longitudinal wave is considered positive if it is directed from the focus. 
The positive displacement u,; is also directed from the focus while the positive 
displacement u,;, is directed counter clockwise if to look from the epicentre. 
Formulae (32) and (33) are the initial ones for the determination of the 
position of possible fault surfaces and the axes of the principal stresses 
in the focus. k, and k, are determined from observations, the effect of the 
discontinuities of the Earth on the values of displacements in longitudinal 
and transverse waves being necessarily allowed for. The allowance for the 
effect of the Earth surface and the discontinuities inside the Earth is 
accomplished by the method described above. It is believed that at a sufficiently 
great distance from an earthquake focus the section of the spherical wave front 
within the site where the apparatus is installed can be considered plane and the 
effect of discontinuities can be allowed for by means of the theory of plane waves. 

The joint solution of the system of equations (32) and (33) and the condition 
of the orthogonality of the directions y and z results in an expression: 


1 
m,.m, + + 1,1, = 52, 


f = xm, + jn, + ZI, 
X(k, + k, sin? e) + 
Roose V1 + k2 cos? e + sinte 


_ Wk, cos* e + k, sin* e) — x 
V1 + k2 coste + k® sin? e 


_ — k,) sin e cose 
+ k cos? e + sin? e 


x; = Xm; + Jn; + n; =Nn, I, =1,, 


which is a quadratic equation. Its coefficients are determined by the data of 
one seismic station. Forming such equations from the data of several seismic 
stations (the minimum number is 2) and solving them and m,? + 1, + /? =1 
jointly we may find two mutually perpendicular directions (in the coordinate 
system X, J, 2) corresponding to the axes y and z. These directions determine 
two possible positions of the glide surface in an earthquake focus in space. 
Then the direction of the source axis-x is determined proceeding from of the 
conditions or orthogonality. The two other axes of the principal stresses (i and 
k) and their directing cosines can be determined using the orthogonality condition 
of the directions x and x; (x; = i, k), as well as the condition: 


v2 


m,=m,,m,; n =n, n,; 1, =1,, 1, 


Mm; n =n, 1 = 
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These calculations can be avoided if observations of the displacement signs for 
the arrivals of P, SV and SH waves at many seismic stations surrounding the 
epicentre are available. In fact the problem of the determination of the principal 
stresses axes comes to the determination of the position of two planes y = 0 and 
z = 0 in the system X, j, Z. These planes are nodal relative to the displacement 
field in longitudinal waves as it follows from (30). Their construction from the 
displacement signs in longitudinal waves can be most simply performed on the 
stereographic projection (on the Wulff projection). Two mutually perpendicular 
arcs are found on the projection plane which separate the regions with different 
displacement signs in longitudinal waves. These arcs determine the position 
in space of two nodal planes y = 0 and z = 0, one of which coincides with the 
fault plane. The intersection point of these arcs determine the axis-x. It is the 
pole of the arc corresponding to the plane x = 0. The points determining the 
space positions of the axes i and k which make the angles of 45° with the nodal 
planes are on this arc. The axis of the principal stress which lies in the zone of 
dilatational waves corresponds to the axis of the pressure (i), while that lying 
in the zone of the compressional waves corresponds to the axis of the tension (k). 

To determine the precise position of the obtained axes, observations of dis- 
placement signs in S waves can be used. It may be shown that the nodal surfaces 
of SV and SH waves intersect along the principal stresses axes. The conformity 
of the observed signs of displacements in these waves with the obtained position 
of the axes y and z is deduced from (32) and (33). 

The interpretation by means of the theory of dislocations permits in the main 
to unambiguously establish the position of the fault plane and the direction of 
movements. However the lack of observation data hinders it rather greatly. 
The direction of the principal axes of stresses acting in the focus is determined 
rather simply. These directions are determined irrespective of the choice of the 
fault plane out of the two nodal planes of P-waves. 

The calculations used here can be applied to determine the principal stresses 
in the case when rupture is accompanied by slipping in earthquake foci. How- 
ever, in fact the nature of movements relative to the fault plane in foci at different 
depths and in different geological conditions is studied insufficiently thoroughly. 
For the reliable analysis of the processes in foci formulae must be available 
which describe displacement fields with different types of ruptures (a rupture 
accompanied by slipping, breaking away, the combination of slipping, breaking 
away and the rotation of one face of the fault relative to the other, etc.). The 
comparison of the displacement fields determined by the theoretical formulae 
with the displacements observed from the earthquakes can serve to explain the 
peculiarities of ruptures in earthquake foci. In the paper of VVEDENSKAYA of 
1959 the dynamic field of displacements for different types of elastic medium 
faults is constructed. The solution is also based on the use of the theory of 
dislocations. Possible (from the point of view of the dislocation theory) move- 
ments of the fault faces corresponding to translation and rotation of one face 
relative to the other are specified on the fault surface. The solution of the prob- 
lem also comes to the determination of stresses which are removed from the 
fault surface at the moment of the rupture of the medium continuity. It is found 
that translation and rotation of the fault faces do not correspond to the types 
of the sources accepted by Keylis—Borok. 

The set earthquakes were interpreted using the techniques based on the 
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representation of an earthquake focus by means of dislocations with finite 
dimensions. Earthquakes in the Hindu-Kush and in the north-western part of 
the Pacific ocean were considered. The investigation of the earthquake foci in 
the North-west Pacific and in the Hindu-Kush showed, that in the majority of 
cases the pressure have a greater horizontal than vertical component, orientated 
approximately at the right angle to the strike at geological structures (BALAKI- 
NA, 1959; SHIROKOVA, 1959). 


V. CONCLUSION 


The existing methods of the representation of foci by equivalent sources were 
discussed in this paper. Ritsema, Scheidegger, K6ning, Miilhduser, Gutenberg, 
Stauder, Ocal and others made a great deal for the interpretation of observations. 

The review of the papers discussing the mechanism of the focus demonstrates 
that at present two different points of view on the sources equivalent to the focus 
of a tectonic earthquake exist. One group of authors (Byerly, Hodgson, Keylis— 
Borok) consider the system equivalent to the shear in the fault plane as a double 
concentrated force with moment. The other group (Honda, Vvedenskaya) 
accept it to be a distributed system of forces that can be represented as two 
equal as to their value, perpendicular and oppositively directed double forces 
without moment (forces of compression and tension). 

The position of the nodal planes one relative to the other for the displacement 
field in longitudinal waves is the same both for the first and the second of the 
mentioned sources. Therefore we cannot judge which of them corresponds to 
the real focus using only the observations of longitudinal waves (the most 
reliable and numerous data). This can be done in future by means of the reliable 
observations of transverse waves. 

It should be noted that the investigations connected with the use of two 
different representations of the real focus as equivalent sources lead to different 
conclusions as to the nature of forces acting in the focus. And this results in 
different conclusions of the authors as to the relations of the mechanism of 
earthquake and the character of tectonic processes. 

It must also be noted that it is impossible to describe the process in an earth- 
quake focus within the limits of the theory of elasticity that is used by all the 
authors. 
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THE OSCILLATIONS OF THE EARTH 


By ROBERT STONELEY 
Department of Geodesy and Geophysics, Cambridge 


INTRODUCTION 


THE problem of the elastic vibrations of a solid sphere is an old one, and the 
radial oscillations of a sphere were studied as long ago as 1828 by S. D. Poisson 
in a monumental work (Potsson, 1829), which, along with the work of Cauchy, 
may be said to have laid the foundations of the theory of linear elasticity. 
The problem of the sphere was successively developed by LorD KELVIN (1868), 
G. H. DARWIN (1879), (1882), JAERISCH (1880), LAMB (1882) and CHREE (1889). 
Lamb’s investigation has the special merit of discussing in detail the simpler 
modes of vibration of a uniform sphere, with calculations of the more important 
roots of the frequency equation, and of classifying the general types of vibration 
as of the “first class” and the “second class’. Lamb’s work is set out in A. E. H. 
Love’s Treatise on the Mathematical Theory of Elasticity, which contains a 
valuable historical introduction to the subject. For a discussion of the statical 
straining of a uniform sphere, reference may be had to H. Jeffreys’s The Earth, 
4th Edition, Appendix B. 

The problem of the oscillations of an elastic sphere is so closely linked with 
the problem of the deformation of a sphere, either by surface forces or by body 
forces (such as tidal forces or centrifugal forces), that the two problems involve 
the same analysis. The problem of static deformation, indeed, is the limiting 
case of an oscillation in which the period is infinitely long. For small oscilla- 
tions, to which this discussion is limited, the complete solution may involve 
the superposition of a static deformation, a free oscillation and a forced 
oscillation. 

Whether the statical or the dynamical problem of deformation is under 
consideration, the question of scale is important. For small bodies, of the 
size, say, of a minor planet, the effect of the mutual gravitational attraction of the 
particles involved in negligible, and the elastic forces of cohesion in a solid 
are predominant. For an elastic sphere of the size and elasticity of the Earth, 
the gravitational forces can be regarded as a correction, but an important 
correction, to the elastic forces. The application of elastic theory to still larger 
bodies has not so far arisen: there are grounds for supposing that for a body 
of the size of the Sun gravitation would predominate. The oscillations of a 
fluid mass are of great importance in cosmological problems: they arise 
in connexion with the stars, and likewise in discussions of the formation of 
planets. On a small scale, the oscillations of liquid drops, in which the restoring 
force arises from surface tension, have considerable scientific interest. 

In applying the classical first-order theory of elasticity to a body of the size 
of the Earth a difficulty arises which ordinarily is not met with in discussing, 
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say, the vibrations of a bell. In small-scale problems the deformations may be 
regarded as small departures from an initially unstressed state, and the stresses 
are taken as linear functions of the strains. The interior of the Earth, however, 
must be in a state of stress far too intense to be regarded as calculable by the 
ordinary theory of elasticity. The imposition of additional strains on a body 
in such a state of “initial stress” introduces extra terms into the elastic equations, 
even if the linear theory is supposed applied (as is usually done) to the “additional 
stresses” invoked by the system of strains. To put the matter in a slightly 
different way, the work done by the stresses during a small deformation gives 
rise to additional terms in the strain-energy function which involve the initial 
stress. When an element is displaced from its initial position, it carries its initial 
stress with it. Presumably an analogous problem arises in connexion with the 
elastic deformation of pre-stressed concrete. If the problem is to be soluble, 
the state of initial stress must be known. The fact that the surface of the Earth, 
so far as the second-degree zonal harmonic in its figure is concerned, is a close 
approximation to the hydrostatic value suggests that the interior may be 
regarded as in a state of stress corresponding to hydrostatic equilibrium (even 
though for forces of short period a large proportion of its material is solid). 
This assumption concerning the initial stress has been generally adopted. 


SOLUTION FOR A UNIFORM SPHERE 
Lamb’s investigation will be briefly summarized here, inasmuch as it forms a 
basis of reference for later investigations. Although the sphere is treated as 
uniform and incompressible it happens, as stated above, that for a sphere of 
the size of the Earth the effects of gravitation and compressibility involve only 
a moderate correction to the results obtained for an incompressible solid. Thus, 
the statical deformation under a harmonic disturbing potential (corresponding, 
for instance, to the problem of Earth tides) is only a limiting case of the problem 
of harmonic oscillations as the frequency tends to zero, and both problems 
will be treated in this discussion. The following notation will be adopted: 


A, Lamé’s parameters 

Xe, X3) Position vector of a small element 

The displacement of the element from its 
unstrained position at time ¢. 

A = div u = 0u,/0x; The dilatation (in vector form and in tensor 


U(= Uy, Us, Us) 


form) 

p Density 

a, p The velocities of compressional and distortional 
waves, given by a? = (A + 2u)/p; 6? = up 

2a|p; Period; frequency 

R Body-force per unit mass 

Pix Stress tensor 

G Constant of gravitation 


The equations of small motions of a uniform solid are 


Ou 


poe =PR+ (A + w) grad A + 
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We assume a time factor exp ipt, which by the usual convention is suppressed 
except where it needs to be put in evidence, and take the divergence of both 


sides of (1). This gives 
VE + (A + 2u)V2A + pp?A = 0 


where R is assumed to be the gradient of a work function ‘Y’. 
If we now ignore body forces, A is given by 


(V2 + A?)A =0, where h? = pp®/(A + 2u) = 
We write also k? = pp?/u = p?/f? 


When A has been determined from equation (3), equation (1), written in 
the form (V? + k*)u = (1 — k*h-*) grad A, may be satisfied by a particular 
solution u, = — h~ grad A, and then the complete solution is “= u, + uy, 
where satisfies 

(V? + k?)u, =0, with divu, = 0 ena 

The solution of (3) may be obtained by writing A = R,(r).S,, where 
r = |r|, and S,, is a spherical surface harmonic of positive integral degree n. 
Then rR,, satisfies a Riccati equation of which the solution is 


a) sin hr + B,, cos hr 


— 


in which A,, B, are arbitrary constants. The solution which has no singularity 


at the origin is 
A = Yo,y,(hr) 


in which ,, is a spherical solid harmonic of positive integral degree n and y,, 
satisfies 


1 =) 


The corresponding solutions of (4) may be found by writing 
u, = G,yp,(kr) 
where the components of G,, will be solid harmonics of degree n. Two solutions 
of the equations (4) can then be found. One is 
G,, = ra grad 


where 7,, is any spherical solid harmonic of degree n. The other is got by noticing 
that curl u, likewise satisfies (4). On reduction, these solutions combine into 


the form 
= lkr) (grad + 74 grad 7,) — 
where ¢,,,, is likewise a solid harmonic of degree » + 1; the general formula 


for the displacement is, as stated above, w, + tp. 
The vanishing of the traction across the sphere r = a leads to the formula 


AAr + w grad (u.r) + ur(Culcr) — vu = 0 
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After considerable reduction (10) becomes 
grad + a, grad w,, + grad (w,,/r?"*1) 
+c, grad, + d, grad (g,/(2n + =0 ....(11) 
when p,, = (n — 1)y(ka) + kay'(ka) 
a, = (2n + 1) (ha) + 2(n — 
b, = — (2n + I) + (2n + 
C, = yp, (ka) + 2(n — 1)y,,4(ka) 
d,, = k*n*(n + 1){y,(ka) + 2(n + 


in which accents denote differentiation. 

The vanishing of these sums of solid harmonics of positive degree at r = a 
implies that they vanish everywhere. For each (integral) value of n the following 
equations are respectively inferred by taking the divergence and by forming 
the scalar product with r: 

b,o, + d,¢, = 0 


4,0, + = 0 
whence from (11) 
A grad 7, = 0 (14) 


Thus the oscillations can be classified as “‘Vibrations of the First Class”, in 
which w,, = ¢,, = 0, so that the frequency is given by p, = 0; and “Vibrations 
of the Second Class”, for which 7, vanishes but w, and ¢,, do not vanish, and 
for which the compatibility of (12) and (13) gives the frequency equation 


a, d, — b,c, =90 


The distinction between the two types is so important in later developments 
that the two classes will be considered in some detail. They will be referred to 
in the sequel as C,, C, respectively. 

For C, it has already been seen, as in equation (8), that A = 0. Thus the C, 
oscillations depend on the rigidity ~, but not on the incompressibility. The 
displacement wu is given by the term in (9) involving 7,,, and since the radial 
displacement is proportional to r.7r a grad 7,,, this displacement must vanish. 
Since uw is perpendicular both to r and to grad 7,, it must lie at any point in the 
tangent plane to the surfaces v,, = constant. The spherical nodal surfaces, i.e. 
those at which w vanishes for all values of the time, are given by the roots of 
ylkr) = 0. 

The “rotatory vibrations’’, corresponding to n = 1, may be examined in detail 
by putting 7, = x3; = rcos@. The period equation is then y,‘(ka) = 0, or 


tan ka = 3ka/(3 — k?a?). 


For any root k of this equation the displacement is proportional to 
(Xo, O)y, (kr), 


so that any spherical surface r = R oscillates as a rigid surface about Ox; with 
period 27/kf and with amplitude proportional to Ry,(kR). The lowest roots 
of (15) are given approximately by 


kal/m = 1-8346, 2:8950, 3-9225, 4-9385, 5-9489, 6:9563... 
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The nodal surfaces r = R are given by the roots of tankR = kR, the lowest 
roots of which are given approximately by 


= 1-4303, 2-4590, 3-4700, 44774, 5-4818, 64844... 
Thus, the slowest mode k,a/7 = 1-8346 will have one nodal sphere 
R/a = 1-4303.. . . /1-8346. . . = 0-7796. . .; 


the next mode will have two nodal spheres, R/a = 0-4792. . .and R/a = 
0-8238 . . . The next mode will have three nodal spheres, and so on. 

The displacements corresponding to n = 2 may be illustrated by taking 7, to 
be proportional to 2x3 — xi — x3. Then the components of w, with k satisfying 
yo(ka) + kay,(ka) = 0, will be proportional to y(kr){x.x3, — X3X,, 0}. It will 
be noticed that a ring of particles symmetrical about the axis x, = x, = 0 
oscillates as a rigid circle, in its own plane, about this axis; the equatorial plane 
X3 = 0 is a nodal plane, and the directions of motion have opposite senses at 
equal distances on either side of this plane.* 

Coming now to the C, vibrations, the displacement may be written, on 
suppressing the term in 7, in (9) and changing n + | into v in the suffix of 4,,,,, 


u=u, + u, = —h* grad A + y,_,(kr) grad ¢,, 
— n(n + 1) grad (¢,,/r2"*4) 
— h*ty,(hr) + hr(2n + 1) y,(hr)} grad 
+ h(Q2n + 1) yp, (hr)r2"*? grad (,,/r2"*1) 
+ y,-a(kr) grad — n(n + 1) grad (¢,,/r?"*4) 


By applying the operator r. curl to (17) it follows that the radial component 
of the rotation vanishes. The harmonics «, and ¢,, are not independent, but 
are connected by (12) or (13). When we have assigned the ratio A?/k? = f?/a? = 
ul(A + 2u) = (1 — 20)/2(1 — a), where o is Poisson’s ratio, then equation (14) 
can be solved for / or k, and so for the period 2z/p. 

For the special case of radial vibrations we may put 7 = 0 in (17), or we may 
discuss this particular case ab initio. The velocity reduces to a multiple of 
r-lyo(hr) .r, and (12) reduces to by = 0, whence 


ha cot ha = 1 — 4k?a? = 1 — 4(k?/h*)hP a? 


For the particular case 4 = « (Poisson’s condition), when o = }, or k?/h? = 3, 
the lowest roots are given by 


= 0-8160; 1-9285, 2:9359, 3-9658, 49728, 5-9774, etc. 


There are no relevant solutions for n = 1, since this would imply the presence 
of a constraining force to keep the centre at rest. 


* The natural frequencies of oscillation of an elastic incompressible sphere have been 
computed by R. M. Gray and A. C. Eringen. The tables are published in Technical Report 
No. 8, 1955. (The Elastic Sphere under Dynamic and Impact Loads) of the Division of 
Engineering Sciences, Purdue University, Lafayette, Indiana, under the sponsorship of the 
U.S. Office of Naval Research. References are given in that report to a number of extensions 
of the fundamental analysis outlined in the present article. 
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Of special interest are the zonal harmonic vibrations with n = 2, in which 
the sphere assumes a form oscillating between a prolate and an oblate spheroid. 
This type of oscillation arises in geophysical problems, for example, in estimating 
the amplitude of an oscillation set up by the tidal forces of the Sun or Moon. 
For a uniform sphere of the size of the Earth the effect of compressibility is not 
great; for an incompressible Earth of rigidity equal to that of steel ka/z is 
about 0-848, corresponding to a period of about 66 min, whereas for 2 = w, 
ka/~ = 0-840. This is, in fact, the slowest of all the modes of vibration: for 
instance, it corresponds to ha/z = 0-486, indicating a lower frequency than for 
the slowest radial mode. 

In the foregoing analysis gravitation has been neglected. The effects are 
twofold. Gravitational attraction is of the nature of a constraint, tending in 
accordance with general theory to shorten the period. Bromwich, for instance, 
calculated that for a sphere of steel of the mass and mean radius of the Earth 
the effect of gravity would be to lower the period from about 66 min to about 
55 min. Further, as mentioned above, the effect of gravitation is to cause an 
internal stress in the body in its equilibrium configuration, so that the body 
during oscillation undergoes displacements from a configuration in which it is 
initially stressed, whereby at any time the small additional stresses in an element 
are superposed on the (presumably large) stresses that have been carried in the 
element from its initial position and orientation to the configuration at the 
instant under consideration. The hypothesis is usually made that these “‘initial 
stresses” correspond to an initial state of hydrostatic equilibrium, not calculable, 
of course, by the theory of linear elasticity. Even for a uniform material the 
inclusion of compressibility, gravitation and initial stress greatly complicates 
the analysis, and it was a notable achievement of A. E. H. Love (1911) to 
calculate in his Adams Prize Essay the statical deformation and the small 
oscillations of a uniform gravitating compressible sphere. Love’s equations 
have been the basis of much subsequent work, and his analysis will be outlined 
here for convenience. The renewal of interest in the oscillation problem was 
greatly stimulated by BEeNiorr’s (1954) discovery of an oscillatory movement of 
period 57 min in the records of the Kamchatka earthquake of 1952 November 4 
which he attributed to a free oscillation of the Earth. On the experimental side, 
this suggestion has led to the building of seismographs of very long period, with 
the object of searching for such oscillations. 


LOVE’S ANALYSIS 
As already mentioned, the initial stress is taken to be one of hydrostatic 
pressure py. The initial density py, supposed a function of r, is connected with 
the work function V, of the undisturbed configuration by the relation 


grad po = po grad Vo 


The equation of the surface of the strained sphere is taken as r = a + U(a), 
where U is the radial displacement given by rU = r.u. Then to the first order 
the density at any point is po(1 — A) — Udp,/er. 

If the work function of all the gravitational forces is V then W=V — Vy 
will arise from (a) the field of external gravitating bodies, (b) a volume density 
— (p9A + Uepy/cr) and (c) a surface layer of density py(a)U, on r = a. For the 
free vibrations (a) will be zero; alternatively, for the static deformation through 
tidal or centrifugal forces, we write p = 0 in the time factor. Also W will satisfy 
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= 4nG{p,A + Uep,/er} 

In tensor form, the equations of small motion are 
Cu; OV OP ix 

a Ox, 


where 
Ou; Ou, 


Pin = {— (Po — + [OX + + 


in which 6,;, = 1 when i = k and = 0 wheni =k. The term — (py — Uép,/ér) 
represents the initial stress carried by the particle from the unstrained state at 
x, — u; to the strained state at x,. Substitution of (20) into (19) will give rise 
to terms depending on the rate of increase of py, A and uw with r; these disappear 
in Love’s analysis for a uniform sphere. 

At a discontinuity within the Earth corresponding to r = R + U(R) the boun- 
dary conditions are that the displacement is continuous, as likewise is the stress. 
The latter condition is equivalent to making the expression 


Ax,A + uf{o(rU)/ex; + réu,/er — u;} 


continuous for r = R, while at the free surface this expression vanishes for 
r= a. 
A solution of these equations is obtainable by writing 


W = K,(r). W,, 
where W,, is a spherical solid harmonic of integral degree n, and substituting in 
(20) the expressions 

u; = F,(r)oW,,/0x; + G,(r)x,W,, 
It will be noted that 
rU = (nF, + r°G,) W,, .(24) 
On reduction it is seen that the equations of motion are satisfied if F,,, G,, 
and K,, satisfy the equations: 
ud?F,,/dr? + {du/dr + (n/r)(A + 3)}dF,,/dr + {— (2/r)du/dr 
+ pop® + (n/r)d(po + 2W)/dr}F,, + (A + wrdG,,/dr 
+ {rd(py + w/dr + (3A + Su) + nA + W}G, + poK, = 0 


+ + n{— 1) + dA + 
+ n{— (1/r)dpo/dr + py + + 2u)d?G,,/dr? 
+ (r(42 + 8u) + Pd + 2u)ldr + + 3)}4G, [dr 
+ pordK,,/dr + 
+ rd(3A4 + — 2po)/dr + pop*r? + nr d(A + — po)/dr}G, =O ....(26) 
d?K,,/dr? + (2/r)(n + 1)dK,,/dr — 4xGp,(n/r)dF,,/dr 
— 4nG(dp,/dr)(n/r)F,, — 4aGpyrdG,,/dr 
— 4nG{rdpo/dr + (n + 3)po}G,, = 0 


For a homogeneous Earth a complete analytical solution was obtained by 
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Love. His discrimination of the C, vibrations into “quick type,” “intermediate 
type,” and “slow type” vibrations may be studied in Chapter X of his book 
Some Problems of Geodynamics. For assigned values of n and A/u the slow type 
cannot occur unless y is less than a certain critical value. Taking a globe of the 
size and mass of the Earth, and assuming 2 = wu = 8-19 x 10" dyn/cm’, 
corresponding in rigidity to steel, Love found that the slowest mode with n = 2 
would be of quick type, with a period almost exactly 60 min. 

The numerical solution of the foregoing equations for a heterogeneous Earth 
is heavy and intricate unless they are programmed for a high-speed computing 
machine, inasmuch as boundary conditions have to be satisfied at both ends 
of the range 0 <r <a, and at intermediate points where discontinuities occur, 
as with the Earth. The statical problem was, however, carried through by 
TAKEUCHI (1950) without such aid, and good accordance obtained with the 
results of Earth-tide observations. The values of p, A, u are known with reason- 
able accuracy from the work of Bullen (1950); for the liquid core, of course, 
= 0, and the effect of taking the inner core to be either solid or liquid does not 
greatly alter the results. 

An alternative method of numerical solution is to use the Rayleigh—Ritz 
method (STONELEY (1926) for the statical problem; PEKERIS (1956) for the 
vibration problem). A summary of the numerical results obtained is given in 
the next section. 

The foregoing analysis by Love, including the differential equations implicit 
in Love’s work but first written out in full by Takeuchi, refers to vibrations of 
the second class (C.2). The general oscillatory movement of the Earth is repre- 
sented by the superposition of C.1 and C.2 types, summed over all integral 
values of n. 

The calculations for C.1 types are much simpler than for C.2; the vanishing 
of the dilatation in C.1 vibrations necessitates the solution of a differential 
equation of order 2 only, whereas for C.2 the equations for F,, G,, K, are of 
order 6. For an Earth in which p is a function of r, Takeuchi (Joc. cit.) gives the 
following equation for L,(r), which is defined by u = (ra grad W,,)L,(r): 


+ (2/r)(n + 1dL,,/dr} 
+ du/dr{dL,,/dr + (/r)(n — DL,} + pop?L, =O ....(28) 
In polar co-ordinates the radial, meridianal and azimuthal stresses are given 
respectively by 
R(r) =0 
O(r) = {dL,,/dr + (1/r)(n — 1)L,,} cosec 6. 
O(r) = w {dL,/dr + (1/r)(n — IL, 


where a typical term in W,, is a multiple of r"P” (cos 9) cos m¢. 


NUMERICAL SOLUTIONS 
As already mentioned, the internal constitution of the Earth is reasonably 
well-known: the greatest uncertainty is whether the inner core, of radius 
about 0:-2a, is solid or liquid. Bullen’s Earth-Model B, which incorporates the 
results of his compressibility-pressure hypothesis, has been much used in obtain- 
ing numerical values for the free periods of oscillation of the Earth. The 
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evidence has been critically examined by BULLARD (1957), who has proposed 
six models; the two used by Pekeris et a/. are referred to as Bullard I and 
Bullard II, which do not differ greatly from one another, but have a gradual 
inward increase of density in the inner core, as contrasted with the rapid 
increase postulated by Bullen. 


(i) C.1 Vibrations (often called “Torsional Oscillations’’) 


The solution for p = constant has already been sketched above. The relation 
Prlé) = _ 4(6) enables the formulae to be expressed in 
terms of Bessel functions. A formal solution of the problem of a two-layer 
Earth has been obtained by MATumoTo and SaTO (1954), but the evaluation is 
tedious. For a liquid core, of the radius of the actual core, and a uniform mantle 
for which 8 = 6-5 km/sec, the slowest period corresponding to n = 2 is 42:5 min. 

An estimate has been found of this slowest oscillation of type C.1 by Mme. N. 
JOBERT (1956) by an application of Rayleigh’s Principle. She considers the 
application of this method to three models of which the gravest modes can be 
calculated or found numerically; these indicate that the period found by the use 
of Rayleigh’s Principle is about 1 per cent shorter than the true period. The 
solution found for an Earth corresponding to Bullen’s model comes out, by 
the Rayleigh Principle, at 43-54 min, which accordingly should be increased 
to about 44-0 min. 

Pekeris and his co-workers (PEKERIS, JAROSCH and ALTERMAN, 1959) integrated 
the equations of motion by electronic computer, using Bullen’s model B. The 
following table, giving in minutes the periods of the three lowest modes for 
n = 2, 3 and 4, is taken from their paper: 


Fundamental 


I overtone 


II overtone 


These may be compared with some recent computations by TAKEUCHI (1959) 
which give for the slowest modes for Bullen’s model B: 
n 2 4 8 16 32 
Period (minutes) 43-43 21-48 7:02 3-96 


These latter values were obtained by converting the equations into variational 
form and proceeding along the lines of the Rayleigh—Ritz method by sucessive 
approximation. 

A summary of a paper by F. Gilbert and G. J. F. MacDonald in the pro- 
gramme of the May, 1959, meeting of the American Geophysical Union 
announces that an investigation by a variational technique for five different 
Earth models has given the lowest four frequencies for each model of the first 
five torsional modes. 


VOL. 
4 
196] 
| 2 | 3 | 4 
44-1 28-6 21-9 
12:7 11-6 10-5 
13 7A 6:9 
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(ii) C.2 Vibrations (sometimes called ““Coupled Modes’) 

The detailed computations of PeKERIS, JAROSCH and ALTERMAN (1959) have 
added considerably to our knowledge of these oscillations. It should be 
mentioned that these workers have cast Love’s analysis into a much more 
convenient form by introducing spherical polar co-ordinates at the outset. 
They have employed both the variational method and direct numerical integra- 
tion by the Kutta-Runge method (see also PEKERIS and JAROSCH (1956)). The 
former has some computational advantage but, as can be understood from the 
discussion in Takeuchi’s 1959 paper, the integration process is in general the 
more reliable. We shall, accordingly, quote the following table from Pekeris, 
Jarosch and Alterman, for which the results were obtained by numerical 
integration of the differential equations (first transformed into six simultaneous 


first-order equations): 


Bullen B 
minutes 


Bullard I 
minutes 


Bullard II 
minutes 


Fundamental 
Overtone I 


20-0 
10-0 


Fundamental 


Overtone IV 


8-0 


Overtone I 24-7 24-0 
Overtone II 15-5 15-5 15-0 
Overtone III 9-8 9-8 


Fundamental 
Overtone I 
Overtone II 


355 
179 
13-6 


35:0 
17-4 
13:1 


Fundamental 
Overtone I 
Overtone II 


14-4 


25°3 
14-0 


It will be noticed that the fundamental spheroidal mode, n = 2, is the 
slowest of all the modes. There is support, too, for Benioff’s suggestion that 
the oscillation of 57 min period noticed by him on the records of the Kamchatka 
earthquake does correspond to this mode of oscillation of the Earth. 

In addition to the vibrations listed in the foregoing table, the authors 
discovered for Bullen’s model B (but not in other models considered) a spheroidal 
oscillation of period 101 min, whose amplitude is inappreciable except in the 
core. It is tempting to identify this with the 100 min period observed by 
Benioff in the same records. The authors, however, found (as would be inferred 
from the general reciprocal theorem in dynamics) that for a shock generated by 
a compressional point-source situated at a shallow focal depth the amplitude 
of the core oscillation would be only of the order of 0-1 per cent of the amplitude 
of normal oscillations. Thus the coincidence of period is probably accidental; 
but these results should stimulate a further search in seismograms for long-period 


oscillations. 
Calculations by Mme JoserT (1957), using Rayleigh’s Principle with Bullen’s 
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model B, indicate a variation of period with the rigidity 4, of the inner core. 
The values found are: 

= 3-6 X 10! dyn/cm’, period 51-9 min 

= 3:0 x 10" dyn/cm’, period 52-5 min 

= 1:5 x 10" dyn/cem?, period 54-24 min 


The period as given by this method is in general an underestimate, and a 
comparison of exact and estimated periods for analogous problems indicates 
that these values should be increased by about 2 min. They are thus in reason- 
able accord with the period of, say, 53-4 min found by numerical integration, 
but it would be risky to attempt to infer from them that the rigidity of the inner 
core is about 3-0 x 10" dyn/cm. 

The work of Gilbert and MacDonald above cited gives the following values 
in minutes for the first four radial modes 

Exact (homogeneous Earth) . j 264, 10-4, 6:7, 5:0 


Variational (homogeneous Earth). 10-4, 6:6, 4-1 
Variational (Bullard model Earth) . . 20°8, 10-1, 6:5, 4-6 


The first two values in the last line accord with the values found by Pekeris, 
Jarosch and Alterman. 


OTHER GEOPHYSICAL APPLICATIONS 


The progression of Rayleigh waves round the Earth may be regarded as derived 
from the superposition of two standing waves of equal amplitude and period, 
but differing in phase. The standing waves are, in effect, free oscillations of 
high order n. On these lines, Love, in Chapter XI of his Geodynamics, has 


calculated the effect of the curvature of the Earth on Rayleigh waves; the study 
of surface waves of very long period, indeed, requires a more realistic model 
than the “‘flat Earth” in terms of which the transmission of surface waves of 
moderate period (say, less than 100 sec) is ordinarily discussed. 

The search in seismograph records for evidence of free oscillations is worth 
pursuing on account of the light that it may throw on the mechanism of an 
earthquake or large explosion; the argument is on the lines of the customary 
seismological one, except that the recognition of a vibration by its period might 
decide whether it was of C.1 or C.2 type. A free oscillation would not continue, 
if damping is present, as a result of the regular periodic variations in the tidal 
gravitation potential; when very near resonance, however, a somewhat irregu- 
larly periodic disturbance would give rise to a free oscillation, and for this reason 
it may be worth while analysing runs of gravimeter observations for traces of 
these free oscillations. Observations of Earth-tides are at present scarcely 
accurate enough for this purpose. 
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ADDENDUM 


While this article was in proof extremely important preliminary communications were made 
to the International Association of Seismology and the Physics of the Earth’s Interior at its 
meeting in Helsinki in July-August 1960. 

The Benioff strain seismograph record at Isabella of the Chile earthquake of 1960 May 22 has 
been subjected to a frequency analysis by BENIoFF, Press and SMITH; a corresponding analysis 
has been made by SLICHTER, HARRISON, Ness and LONGMAN of Earth tide observations taken 
at the Institute of Geophysics, University of California, Los Angeles, with a new extremely 
sensitive gravimeter, and pendulum observations at Bell Laboratories have been analysed by 
BoGarp and Tookey. These analyses showed a series of sharp peaks corresponding closely 
to the periods of oscillation of the Earth calculated by PEKERIs, JAROSCH and ALTERMANN. 
The completeness and closeness of the correspondence leave little doubt that these free oscilla- 
tions of the Earth were actually excited, especially as the C, oscillations, which, as theory 
predicts, should not be recorded in tidal observations, are in fact absent from the results of 


gravimeter readings. 
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THE THEORY OF NUTATION AND THE 
INTERNAL CONSTITUTION OF THE EARTH 


By R. O. VICENTE 


Seminar of Mathematics, Faculty of Sciences, Lisbon, Portugal 


1. THEORY OF THE MOTION OF THE EARTH 


THE THEORY of nutation arises from the study of the theory of the motion of the 
Earth relative to its centre of mass. We are going to give a short account of the 
theory of the motion of the Earth, to enable us to understand the problems of 
the nutations and the precession and how they appear. 

In the theory of the motion of the Earth are employed several systems of 
coordinates, and there are certain approximations made in the calculations, 
before arriving at the solution of the problem. It is convenient to state 
clearly the different approximations made in order to understand the theory of 
nutation. 

The centre of mass of the Earth is considered as the origin O of the different 
systems of coordinates employed. We take a set of rectangular axes OX YZ 
fixed in space, so that OZ is directed towards the north pole of the ecliptic, 
considered as fixed for a certain epoch, and OX towards the equinox for the 
same epoch; also a second set of rectangular axes Oxyz coinciding with the 
principal axes of inertia of the Earth and therefore moving with it. 

It is very unfortunate that there is not any uniformity in the notations 
adopted by several authors in the treatment of these problems. The more 
recent theory of the rotation of the Earth has been developed by WOOLARD 
(1953), and although the notations adopted by Woolard are not in agreement 
with some of the traditional notations, adopted in the treatment of the problems 
of the rotation of rigid bodies and the theory of nutation, we shall adopt his 
notations for the sake of uniformity. 

The relative position of the two sets of rectangular axes can be defined by 


the 3 Eulerian angles 6, d and y. The angular velocities a= 6, sf = ¢ and 


d 
z = ¢ can be resolved about the axes Ox, Oy, Oz and the equivalent angular 


velocities will be designated respectively by ,, @,, ws. The relations obtained 
are the well known Euler’s kinematical equations 


wo, = — Ocosd — psin sind 
w, = Osind — psin cos¢ 


= poosd+¢. 
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Let A, B, C be the principal moments of inertia and L, M, N the moments of 
the external forces about the axes Oxyz. Then the dynamical equations of the 
motion can be written in the form 

A®, + (C — B)w.w, = L 
Boo, + (A =. C)w,0, = M eee .(2) 

Equations (2) can be considered as the projections, on the set of axes Oxyz, 

of the vector equation 


. (3) 


which shows that the rate of change of the vector angular momentum H, about 
the centre of mass, is equal to the vector moment G of the resultant couple. 
The motion of the Earth, relative to its centre of mass, is represented at every 
instant by the instantaneous rotation w around an axis through the centre of 
mass. 
Another form of the dynamical equations can be obtained considering 
Lagrange’s equations for a conservative system 


d (=) oL 
— 0, 
dt \cq, 
where the Lagrangian function is 
L=T+U=U+4 }(Aoi + + Co), 


T is the kinetic energy and U is the gravitational potential of the external 
forces. Adopting the Eulerian angles 6,¢, y as generalized coordinates g, and 
using the expressions (1), we obtain 


sin 
AQ, (C = B)w.s = sing (cos cos 


eu ~) 
sin 0 


Cis + (B — = 
The several forms of the dynamical equations written before represent the 
motion of the Earth relative to its centre of mass. The Earth is considered as a 
rigid body, so the equations indicated are the same as those that appear in 
problems concerned with the rotation of rigid bodies. 
The systems of coordinates employed for the theory of the motion of the 
Earth show the importance of the following axes: 


(1) the axis Oz, called the axis of figure, about which the moment of 
inertia is a maximum; (2) the fixed axis OZ directed towards the north pole 
of the ecliptic; (3) the instantaneous axis of rotation or simply the axis of 
rotation, through the centre of mass, along which is the instantaneous 
rotation w that represents the motion of the Earth at every instant, and 


dH 
19 
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intersects the Earth at two points called the geographical poles; (4) the axis 
along the vector angular momentum H, through the centre of mass, and 
called the invariable axis in the dynamics of rotating rigid bodies. 


Integration of the Equations of Motion 


The system of differential Eqs. (4) has been employed for the determination 
of the precession and nutations, and its integration gives the values of these 
quantities. 

The integration of any of the systems of dynamical equations, written before, 
depends on the knowledge of the function U or the moments L, M, N of the 
external forces. The analytical expressions adopted for U or L, M, N depend 
on the method by which it is intended to solve the differential equations. There 
are various procedures for the integration of the equations of motion, but we 
are not concerned with that problem which has been treated by several authors, 
for instance, OPPOLZER (1886), TISSERAND (1891), BAUSCHINGER (1928), 
WOOLARD (1953). 

The external forces that we have to consider in the motion of the rotating 
Earth are due to the Sun and Moon. But even their effects are comparatively 
small, so that one of the methods employed for the integration of the equations 
of motion is the method of variation of parameters, which consists in integrating 
the equations under the hypothesis that the external forces are zero, and then 
the solution obtained is conveniently modified to determine the motion under 
the action of the external forces. 

One simplification that is made in the equations of motion is the hypothesis 
that the principal moments of inertia A and B are equal, and this symmetry 


implies = = 0. Then the Eulerian Eqs. (4) take the form 


op 


A@, + (C — = — sin 6 dp — COs 


cos ¢ 
sin dp 


W3 = const. = n. 


These equations give the motion of the axis of figure of the Earth in relation 
to the fixed rectangular axes OX YZ, and the only hypotheses made were that 
the Earth is considered as rigid and A = B. 

The form (5) of the equations is not convenient for practical integration. 
Eliminating @,, w 2, w3 and its derivatives between Eqs. (1) and (4), and con- 
sidering the third Eq. (5), it is possible to write 


Cn sin 6 dp * Cndt dt dt 


oU dé dy\* 
Cn sin 6 dt \ dt dt} 


These equations, that have been employed for the determination of the 
numerical values, have the advantage that the second members are composed 


4 
1961 
i oU 
do 
dt Cnsin#@ 
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of terms of different magnitudes, some of them very small. One disadvantage 
of Eqs. (6) is that the solution cannot be reduced to quadratures. 

It is possible to write similar equations for the motion of the axis of rotation 
in relation to the fixed axes OX YZ but they are not relevant for our exposition. 
It is sufficient to know that the first term, on the right of the equations, is the 
same term that appears in Eqs. (6), and the other terms are the products of the 
remaining terms of Eqs. (6) by very small factors. 

2. THE MOTION OF THE EARTH UNDER NO FORCES 


The actual motion of the Earth can be considered as a steady state of rotation 
disturbed by external forces. To find this steady state we put U = 0 in the 
Eqs. (5) and they take the form 


@, + pw, = 0 


— po, = 0 


We can write the solutions of these equations with the aspect 
@, = on cos (pt + 
= on sin (pt + f) 


where on and f are constants of integration. 


2 A 
The period 7 associated with p is 7 = Considering the 


sidereal day as the unit of time, then n = 27 andz = ar The ratio Faa 


can be determined from the period of the precession of the equinoxes and we 


obtain 7 about 305 sidereal days. 
Referred to the set of axes Oxyz, that is, the axes coinciding with the principal 
axes of inertia of the Earth, the equation of the instantaneous axis of rotation 


3 
or, considering that w, = n and using (7), 


x y 
aocos(pt+f) csin(pt+ pf) 1 

This expression shows that the instantaneous axis describes a circular cone 
about the axis of figure in the period 7, called the free period. 

The free period + is about 10 months and this motion is called the free 
Eulerian nutation. If we remember the definition of the astronomical latitude 
of a place, we see that the latitude of any place should exhibit a variation with 
a period of about 10 months. 

Let us now consider the position and motion of the vector angular momentum 
H when there are no external forces. Then G = 0 and Eq. (3) shows that 


C—A 
6, + = 0 
or 
C—A 
— nw, = 0 
where 1 
C—A 
O, We 3 
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H = const., that is, the angular momentum is constant and the vector H is 
fixed in space. 

We have said in Sec. | that the axis of the instantaneous rotation w, the 
axis of the angular momentum H and the axis of figure all pass through the 
centre of mass of the Earth. Considering the components of the vectors 
2, Ws), H(A@,, Aw@s, Cos) and the unit vector of the axis of figure, on 
the system of rectangular coordinates Oxyz, we have 


O71 Ws 
Aw, 
0 0 1 


This expression shows that the axis of figure, the axis of rotation and the 
axis of angular momentum lie in the same plane. 

As we have seen that the vector H is fixed in space, and the axis of rotation 
describes a circular cone about the axis of figure, we can conclude that the 


Axis of-angular momentum 
Axis of rotation Axis of figure 


Herpolhode Polhode 


Fig. 1. The Eulerian motion. 


plane, where exist these 3 axes, rotates in space around H. The axis of figure 
and the axis of rotation lie on opposite sides of the vector H, describing circular 
cones in space (Fig. 1). 

The motion of the Earth when there are no external forces, that is, the 
Eulerian motion, can be described by Poinsot’s representation which is based 
on the conical motions that the axis of figure, the axis of rotation and the axis 


4 
196] 
G 
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of angular momentum have relative to one another. Figure 1 shows the positions 
of the polhode cone (fixed within the Earth) that rolls on the herpolhode cone 
(fixed in space). 

It is possible to calculate the angles that the three axes mentioned form 
among themselves and in relation to the rectangular coordinates system Oxyz. 


. . @ 
Considering that the direction cosines of w are cosa = =, cos Bp = a 


@. 
cos y = oe we can determine the angle » between H and the axis of figure 


sin y 


sin cos* 


The angle 6 between H and w is 
sin y cos y 


sin cos” 


The actual departure of the axis of rotation from the axis of figure, that is 
measured by the angle y, is always so small that it can only be detected with very 
precise measurements. The order of magnitude of this angle is about 0°3 or 
10 m at the surface of the Earth, that is, the geographic poles are 10 m away 
from the poles of figure. We can conclude that the component ws is nearly 
the whole of w. 


C-—A 
Since y is so small, we obtain from (8) 6 = wee MO This expression 


shows that 6 is very small and so w practically coincides with H. The value of 
6 is about 0°001 or 3 cm at the Earth’s surface. 

The apertures of the cones described in space by the axis of rotation and the 
axis of figure, around the angular momentum vector, are nearly in the ratio 
A 


3. MOTION OF THE EARTH UNDER EXTERNAL FORCES. 
PRECESSION AND NUTATION 


Let us consider now the existence of external forces. The external forces which 
concern us are due to the Sun and Moon. A first approximation to the rigorous 
equations of motion (6) is obtained by considering only the first term on the 
tight of the equations. Then we have 


cU 


dp_ =o 
dt Cnsin 


and the equations in this form are known as Poisson’s equations. 


dt Cnsin§ 
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It is possible to show that Poisson’s equations give a better approximation 
to the motion of the axis of rotation than to the motion of the axis of figure 
and a still better one to that of the axis of angular momentum. These con- 
clusions are deduced from the terms neglected in (6), representing the motion 
of the axis of figure, and from the terms of the similar equations, representing 
the motion of the axis of rotation, that correspond to the right hand terms of 
(6) multiplied by very small factors. 

The solution of Poisson’s equations depends on the knowledge of the function 
U. The expression of U depends on the external forces that we consider, in our 
case the actions of the Sun and Moon, considered as rigid bodies. The develop- 
ment of U can be expressed in several ways, for instance, in terms of the 
rectangular coordinates of the disturbing bodies in the fixed set of axes OX YZ, 
or then in terms of the orbital elements of the Sun and the Moon. 

Poisson’s equations can then be written in the following form 

dé do d 
where A,, B, and N, can be considered as constants (they depend on the motion 
of the ecliptic), © and ¥ represent periodic terms. The integration gives 


6=0,+90 
yp=y,t+¥. 


These expressions show immediately that there are two different types of 
terms; some (© and ‘) that are periodic functions of the time and others 
(4, and y,) that increase continuously with the time. The first type of terms 
originate the luni-solar nutation and the last type of terms are responsible for 
the luni-solar precession. 

In the integration of Poisson’s equations, by any method, there appears an 
integrating factor common to all the lunar terms and another factor common 


C—A 
to the solar terms, both containing the value of C The determination of 


the numerical values of the precession and nutation depend then on the calcu- 
—A 


Cc 
lation of these two constant factors. The theoretical determination of C 


has presented difficulties, because of lack of knowledge about the internal 
density distribution of the Earth. The process adopted to determine the value 


of : CG 2 is based on the observation of the motions of the Earth’s axis of 


rotation. 

The most important term in the expression of 9 is multiplied by cos Q and 
depends only on the elements of the lunar orbit. This term is called the constant 
of nutation and from it we can determine the value of the constant factor that 
affects all lunar terms. 

The principal term of the luni-solar precession in longitude, that appears 
in the expression of y, is related to the constant of precession and then, from the 
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adopted value of the constant of precession, we can determine the value 
of the constant factor that affects all the terms depending on the action of 
the Sun. 

This short explanation of the method by which it is possible to determine 
the numerical values of the precession and nutation, shows the importance in 
the calculations of the adopted values of the constants of nutation and 
precession. These values are computed from astronomical observations, made 
in such a manner that they detect the motions of the axis of rotation of the 
Earth. 

The final expressions of the values of the luni-solar nutations in obliquity 
and longitude, that is, the terms in © and ¥’ of Eqs. (10), given by WoOLARD 
(1953, p. 153), are 


© = 9°2100 cos Q + 0°5522 cos 20F — D+ Q) — 
— 070904 cos 2Q + 0°0884 cos 2(F + Q) 
Y = — 1772327 sin Q — 1°2729 sin 2F — D + Q) + 
+ 072088 sin 2Q — 072037 sin + Q) + 
+ 071261 sin /’ + 00675 sin /. ) 


considering only the terms with coefficients greater than 0°05. 

It must be noticed that expressions (11) were determined considering the 
equations of motion of the instantaneous axis of rotation. OPPOLZER (1886) 
was the first to notice and to employ analytically the advantages of this 
procedure. 

In the case of the Eulerian motion, we have seen in Sec. 2 the special position 
in space of the axis of the angular momentum vector, that remains invariable. 
In spite of this advantage, the expressions determined have not been referred 
to the axis of angular momentum and Feporovy (1958a) has called attention to 
this fact. 

The value adopted for the constant of nutation is 92100 and it will be dis- 
cussed in Sec. 4. The nutation depending on Q only is the 19-yearly nutation. 
The terms containing (F — D + Q) are the semi-annual solar nutations and 
the terms (F + Q) are the fortnightly lunar nutations. 

We have said that for the determination of the numerical values of the 
precession and nutation, it was necessary to know the values of two constant 
factors, one affecting all the solar terms and the other affecting all the lunar 
terms, because they contain the mass of the Sun and the Moon respectively and 


permit computation of the values of the mass of the Moon M, and the ratio 
luni-solar precession. 


both include the value of . The expressions of these constant factors 


, if we know the observed values of the constants of nutation and 


C-—A 
To compute the values of M, and C with sufficient accuracy, it is 


necessary to develop the theory in a manner so that we get more precise 
expressions than the expressions obtained by the theory indicated before. The 
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researches of HILL (1893) give the following expressions for the constants of 
nutation N and luni-solar precession P: 


where «, %, %3 are constants for a certain epoch and yw is the ratio of the mass 
of the Moon to that of the Earth. 

The value of the mass of the Moon given by this calculation is not in agree- 
ment with the values determined by other methods. This discrepancy is one of 
the difficulties that appear in the system of fundamental astronomical 
constants. 

We are going to consider the positions and motions in space of the axes of 
figure, rotation and angular momentum when there are external forces. This 


é Axis of figure 


Axis of angular momentum 
Axis of rotation 


Fig. 2. The luni-solar motion. 


is the case of the actual motion of the Earth. The Eulerian motion, which we 
have described and which corresponds to the case where there are no external 
forces, still takes place, but now Eq. (3) shows that the axis of the angular 
momentum vector is not fixed in space. 

The vector Eq. (3) indicates that the motion of H, in relation to the fixed 
reference system of coordinates OX YZ, depends upon the external forces, 
that is, the actions of the Sun and the Moon, and this motion is called the luni- 
solar motion. 


N= C 
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We have seen in Sec. 2 that, in the Eulerian motion, the axes of figure and 
rotation lie in the plane through the angular momentum vector. Now, under 
the influence of the external forces, the angular momentum vector moves in 
space. Therefore the luni-solar motion of the axes of figure and rotation in 
space can be considered as the resultant of the motions of these axes around H 
and then the motion of H in space (Fig. 2). 

We should notice that, in the luni-solar motion, the axis OZ of the fixed 
system of coordinates, the axis of figure Oz and the axis of rotation do not 
generally lie in the same plane. 

The variation of the position of the axis of rotation in space, and the corres- 
ponding motion of the geographic poles on the Earth’s surface, depends on the 
Eulerian and luni-solar motions. But the Eulerian motion, which is independent 
of the external forces, is more important than the luni-solar motion. 

We have explained briefly the classical theory of nutation, giving the numerical 
results obtained theoretically and also the kinematical description of the 
motion. 


4. VALUES OF THE NUTATIONS COMPUTED FROM 
. THE OBSERVATIONS 
We are going to examine the values of the nutations obtained from the observa- 
tions, and to compare them critically with the values shown in Sec. 3, determined 
from the theory of the motion of the Earth which was based on a number of 
simplified hypotheses. 

The theory developed gives us an indication of the more important terms of 
the nutations, and consequently the nutations which are easier to compute 
from the observations. 

The principal term corresponds to the 19-yearly nutation and the value that 
has been determined observationally is the coefficient of the 19-yearly nutation 
in obliquity, that is, the constant of nutation. We have mentioned the impor- 
tance of the knowledge of the value of this constant, not only for the determina- 
tion of the numerical values of the other nutations but also for the calculation 
of the mass of the Moon. 

The principal determinations of the observed values of the constant of 
nutation N are indicated in Table 1. 


Table | 


Author Instrument Interval of the observations Value of N 


| 
NEwcoms (1895) Old observations of greater confidence 97210 + 07008 
PRZYBYLLOK (1920) ILS 1900-1915 972069 + 070030 
SPENCER Jones (1939) | Cookson floating 1911-1936 972066 + 070055 
telescope 
MorGAN (1943) PZT 1903-1925 9°206 + 07007 
Feporov (1958b) ILS 1900-1934 97198 + 07002 


The observations have been made with different instruments and also 
employing different techniques of observation. We are not concerned here 
with the discussion of these results but it should be emphasized that there is 
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agreement among them. The value obtained by Fedorov is based on about 
135,000 observations made at some of the stations of the International Latitude 
Service (ILS). 

The value employed in the calculations is Newcomb’s value, adopted at the 
Paris International Conference in 1896. The more recent values in Table 1 
point out that the adopted value is probably greater than it should be, but 
Newcomb’s result has not yet been altered for purposes of ephemerides 
calculations. 

Another way of finding the value of the constant of nutation, is to compute 
it theoretically from the value of the mass of the Moon and the observed value 
of the constant of precession, considering the Earth as rigid. The more recent 
values are: 


SPENCER JONES (1941), from data on the solar parallax 

and the lunar inequality 9°2272 + 0°0008 
JEFFREYS (1948a), rediscussion, using Spencer Jones’ 

data, gives (JEFFREYS and VICENTE, 1957b) 9°2271 
JEFFREYS and VICENTE (1957b), with Rabe’s solar 

parallax and Spencer Jones’ value of the lunar inequality 9°2242 


Looking at the values of the constant of nutation, determined from the 
observations and computed theoretically, we notice that they do not agree and 
the disagreement has been noticed by several authors during the last 30 years. 
This discrepancy has been one of the outstanding difficulties in the system of 
fundamental astronomical constants. 

Because the observed value has been determined with different instruments 
and employing several methods of observation, we can arrive at the conclusion 
that the defect is in the theory adopted in the computation of the theoretical 
value. We shall study in Sec. 7 the possibilities of improving the simplified 
theory adopted. 

Let us now examine the values determined for the fortnightly lunar nutation. 
We must notice, from the theoretical expression (11), that the amplitude of this 
nutation is smaller and for this reason it has not been determined very often 
from the observations. MorGAN (1952) says that the observations with the 
Washington Photographic Zenith Tube (PZT) are apparently of sufficient 
accuracy to determine this nutation and arrives at the conclusion that there is 
not any correction to the theoretical value in obliquity 0°088 given by expression 
(11). 

FEDOROV (1958b), employing about 230,000 observations, mainly from 
International Latitude Service observations and also from Morgan and Orlov’s 
results, has computed for the observed fortnightly nutation in obliquity the 
value 070949 + 0°0010; this is the revised value communicated to JEFFREYS 
(1959b). Fedorov’s results are the first ones calculated from numerous observa- 
tions and they give a value greater than the theoretical value. We arrive then 
at a conclusion similar to the one obtained for the constant of nutation, that is, 
the observed values are different from the theoretical values computed. 

We have only compared the observed and theoretical results for the nutations 
in obliquity, because the astronomical observations have been presented in 
such a way that they permit computation of the values in obliquity more easily. 
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FEDOROV (1958a) has been the first to analyse the observations so that it is 
possible to compute the observed values in longitude. The conclusion is the 
same, that is, the observed values in longitude are greater than the computed 
values. 

We should consider now the results obtained from the semi-annual solar 
nutation in order to confirm the conclusions indicated before. But the ampli- 
tude of this nutation is small and the analysis of observations of latitude 
variation is difficult for the computation of this nutation. From the results of 
Popov (1959), FEDOROV (1958b) has computed an observational value for the semi- 
annual nutation that is also different from and greater than the theoretical value. 

We can sum up all the previous results saying that the values of the nutations 
so far obtained from the observations are different from the values computed 
theoretically. Also the ratio of the observed and theoretical values is not the 
same for the several nutations. This ratio is different for the components in 
obliquity and longitude of the same nutation. 


Eulerian Nutation 


We are going to compare the values of the period of the Eulerian motion, 
given by the classical theory indicated in Sec. 2, with the values determined 
from the observations. 

The history of the observations made to discover the periodic variation of 
latitude has been written by TURNER (1904) and LAMBERT (1931). After several 
attempts to observe variations of latitude during the last century, the observa- 
tions were only successful at the end of the century. The computations made 
to determine the 10-month period did not show any results, because it was not 
thought possible that the period would be different. 

The important investigations of CHANDLER (1891, 1892) showed that the 
period of latitude variation, determined from numerous observations, was 
about 14 months. The results obtained by Chandler were doubted at first, 
because they were not in agreement with the 10-month period forecast by the 
classical theory of nutation. It is interesting to notice that in spite of the very 
well known simplified hypotheses adopted in the theory, the period computed 
from the analysis of the observations was not considered as reliable. 

It was only after NEwcoms (1892) showed that the disagreement was due to 
the fact that the Earth was considered as a rigid body in the theoretical calcula- 
tions, that the Eulerian nutation was accepted as having a period of about 
14 months. Newcomb’s qualitative explanation of the lengthening of the period 
was based on the elasticity of the Earth and the fluidity of the oceans. 

The 14-month period has been called Chandler’s period, period of the 
variation of latitude or period of the free Eulerian nutation. The results com- 
puted by Chandler gave the first indications, obtained from astronomical 
observations, that the Earth behaved as an elastic body under the action of the 
forces that originate the nutations. 

The interest aroused by Chandler’s investigations led to the setting up of an 
international co-operative programme to observe the variations of latitude, 
called the International Latitude Service. This service began to operate at the 
end of last century and, as a result of the International Latitude Service, the 
number of observations increased rapidly and there was also an improvement 
in the precision of the observations. 
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The results of the ILS furnished elements for numerous investigations about 
the period of the variation of latitude. The analysis of the observations gave 
indications of the existence of two periods, one about 14 months and the 
other about a year. We shall only discuss the period corresponding to the 
Eulerian nutation. 

The investigations made to compute the period of the Eulerian nutation can 
be based on harmonic analysis or on certain statistical models, but the great 
majority of investigations have been based on harmonic analysis. It would be 
useful if statistical methods were employed and discussed more often in connec- 
tion with this problem. WALKER and YOUNG (1957) have shown the disadvan- 
tages of employing harmonic analysis for the computation of the period of 
variation of latitude. 

The investigations that consider a large number of observations are 
summarized in Table 2. 


Table 2 


Author Interval of the observations Period 


JEFFREYS (1940) 1892-1933 447-9 + 7:0 sid. days 
1908-1921 440-2 + 5:9 sid. days 
NICOLINI (1950) 1923-1942 1-148 + 0-003 years 
1907-1917 1-200 + 0-007 years 
DANJON and Guinot (1954) 1890-1924 435 + 2 days 
1929-1953 428 + 2 days 
WALKER and YounG (1957) 1900-1920 435-8 mean solar days 


All investigations mentioned were based on the results obtained by the 
International Latitude Service. The researches of JEFFREYS (1940), WALKER 
and YOUNG (1957) are the only ones that are based on statistical methods. 

RUDNICK (1956) applied Fourier series analysis to data read from large-scale 
graphs, but does not arrive at any conclusion about Chandler’s period. He 
mentions the need for a critical study of the data, including the smoothing 
processes adopted in the publication of the results. 

Looking at the values of the period, written in Table 2, we notice the different 
results that have been computed, all of them employing observations made at 
the same observatories. This fact has led some authors to propose the hypothesis 
that the period of the Eulerian nutation is variable. 

In spite of the several methods employed in the analysis of the observations 
and the different intervals of time covered by the observations, we should notice 
that the values found for the period do not differ by more than 6 per cent. 

The comparison of the modern results, determined from the observations, 
with the theoretical values of the period of the Eulerian nutation, confirm 
the earlier results of Chandler that the observed period is longer than the 
computed one. 

In our description of the determination of the observed values of the nutations 
we have mentioned the employment of the observations made at the variation 
of latitude stations of the International Latitude Service. The methods of 
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observation adopted, the changes in programme and other details are examined 
by MELCHIOR (1957). 


Variations in Longitude and Azimuth 

We have only described the effects that the Eulerian motion have on the 
geographic latitude of a place. But if we remember that the Eulerian nuta- 
tion corresponds to a conical motion of the instantaneous axis of rotation of 
the Earth, around the axis of figure, we see that the effect of the Eulerian 
nutation is a small variation in the geographic positions of places on the Earth, 
not only in latitude but also in longitude and azimuth. 

Besides the observations on latitude variation, there have not been any 
attempts to observe the variations in longitude and azimuth. Judging by the 
difficulties that have been found in the observations of latitude variations, the 
problem of observing the variations in longitude and azimuth will present still 
more difficulties. The possibility of determining longitude and azimuth 
variations would of course be important, furnishing another check on the 
conclusions obtained from the results of latitude variation. 


Geophysical explanation of the disagreements between theory and observation 


We have discussed the values of the nutations computed from the observations 
and, in all of them, we have arrived at the conclusion that the values determined 
from the observations are different from the values forecast by the classical 
theory of nutation. 

The explanation of the disagreements is based on the fact that several simpli- 
fications are made in the construction of the theory, concerning the constitution 
and physical properties of the Earth. We should notice that, at the time when 
the classical theory of nutation was developed, there was not much knowledge 
about the physical properties of our planet. 

The advances made in all branches of geophysics during the last fifty years 
have given us better knowledge of the constitution of the Earth. They indicated 
that the disagreements, found in the values of the nutations, were due to neglect 
of a certain number of physical data concerning the Earth, when we establish 
the equations of motion. 

The following simplified hypotheses were made: 


(1) The Earth was considered as a rigid body. (2) The principal moments 
of inertia A and B were equal. (3) The Earth was considered as homoge- 
neous. (4) The influence of the oceans and the distribution of the continents 


were not taken into account. 


We have already mentioned that hypothesis (1) was abandoned by Newcomb 
to explain qualitatively the lengthening of the period of the Eulerian nutation. 
At the time of Newcomb’s paper there was not any quantitative knowledge 
about the elasticity of the Earth. Nowadays we have a fairly good knowledge 
of the elastic properties of the Earth and they have to be accounted for in any 
theory of nutation. 

The hypothesis (2) has not yet been considered worth-while to change. Our 
knowledge about the form and dimensions of the Earth has increased in the 
last few years, but it does not indicate any noticeable difference between A and 
B that will sensibly affect our calculations. 
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Considering the Earth as rigid and A * B, the period of the Eulerian 
nutation would be (WooLArRD, 1953, p. 162) 


and RouTH (1930, p. 358) shows that it would be lengthened. Under these 
conditions the general equations of motion have been integrated (TISSERAND, 
1891). 

The simplification that the Earth was considered as homogeneous, was due 
to the lack of knowledge of the internal density distribution and also to the 
difficulties that a numerical solution of the problem would entail. The detailed 
knowledge about the interior of the Earth that we have nowadays permits the 
consideration of more accurate models for the internal composition of the 
Earth. 

The hypothesis (4), that the fluidity of the oceans would affect the period of 
the Eulerian nutation, was only considered by Newcomb after the observational 
results obtained were not in agreement with the theory. Any modern theory of 
nutation has to take into account the fluidity of the oceans with their currents 
and tides, and the effects that the distribution of the continents have on motions 
of the oceans. 


5. BODILY TIDE OF THE EARTH 


We have mentioned that the external forces considered in the theory of nutation 
were due to the Sun and Moon, and we have given values for the amplitudes 
of the nutations caused by the luni-solar forces. Another aspect of the actions 
of the Sun and Moon on the Earth concerns the tidal attractions of the luni-solar 
forces, which deform the Earth, giving rise to the tides of the solid Earth. 
Different components of the Earth tide produce the nutations that we have 
considered, and the forced nutations correspond to diurnal tides. 

The problem of the Earth tides was first considered by KELVIN (1863a) who 
discussed the elastic deformation of a homogeneous incompressible sphere of 
the size of the Earth. Many researches have been made after the work of 
Kelvin, considering several Earth models with different values for the elastic 
parameters and the distribution of density. Some of the Earth models con- 
sidered a shell and a core with different densities and elastic parameters. The 
Earth models adopted were not based on any observational results obtained on 
the density and elastic parameters in the interior of the Earth. Only recently 
has it been possible to get reliable results about the interior of the Earth. 

Although the investigations on the bodily tide of the Earth are useful for any 
theory of nutation that takes into account the internal constitution of the Earth, 
the fact is that the researches made on the problem of the Earth tides were not 
employed for the investigations on the theory of nutation. 

Some investigations that gave results about variations in the periods and 
amplitudes of the nutations were concerned with the oscillations of a rotating 
ellipsoidal mass of liquid contained in a rigid envelope. In this way, HOUGH 
(1895) showed that the period of the Eulerian nutation would be shortened if 
the earth core was considered fluid. Hough’s investigations also take into 
consideration the ellipticity of the Earth and the problem is solved by elliptic 
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functions, but the solution becomes much more complicated. POINCARE (1910) 
studied the problem by a very elegant method and was concerned with the 
values obtained for the precession and nutations; he also analyses the effect 
of the elasticity on the values found. 

An early investigation on the theory of the rotation of the Earth, considering 
a fluid core, is presented by SLuopsky (1895). In spite of the restrictions 
adopted about the form and motions of the core, made in order to simplify the 
problem, Sluodsky determines a period of 12 or 14 months for the Eulerian 
nutation, depending on the values of the ellipticity of the core.* 

All the studies, concerned with the bodily tide of the Earth, introduce Love’s 
numbers / and k, and also Shida’s number /. The meaning of these numbers is 
given by JEFFREYS (1959a) or TOMASCHEK (1957). The value of k is related to 
the period of the Eulerian nutation, and the value of (1 + & — /) is influenced 
by disturbances that affect the position of the astronomical vertical of a place 
on the Earth, that is, there are variations in the geographic coordinates of a place 
with periods depending on the periods of the tidal forces. In practice, the 
determination of the values of k and (1 +k —/) is more difficult because 
there are local corrections. The values of k and / can also be determined by 
geophysical observations (TOMASCHEK, 1957, p. 789). 

It is advantageous to have the possibility of determining the values of k and / 
by processes that do not depend on any geophysical assumptions. This fact 
shows the importance of having good determinations of the period of the 
Eulerian nutation, that permit the determination of the value of k, and careful 
analysis of the observations of variation of latitude, that give the possibility 
of computing (1 + & — /). 

We must emphasize that the numbers h, k and /, defining the bodily tide, were 
derived considering a statical theory applied to an elastic solid Earth with 
spherical symmetry, and the disturbing tidal potential is a solid harmonic of 
the second degree. 

The short explanation we have given about the bodily tide of the Earth shows 
the connection and importance of the Earth tides for the studies on the theory 
of nutation. The results given by this theory, and the observed values of the 
nutations, have to agree with the known results from the bodily tide of the Earth. 

The theoretical researches, concerned with the bodily tide of the Earth, have 
benefited from the better knowledge about the internal constitution of the Earth, 
that it has been possible to obtain in the last few years. 

The accumulation of results about the interior of the Earth, obtained specially 
from seismological observations, made possible the determination of the 
density and elastic parameters for most of the interior of the Earth with small 
margins of error. These important results were computed by BULLEN (1959). 

The detailed knowledge about the constitution of the Earth has permitted the 
solution of the problem of the bodily tide of the Earth by numerical methods, 
that is, the differential equations representing the motion of the solid Earth 
are solved by processes of numerical analysis, adopting in the integrations the 
several numerical values found for the density and elastic parameters of the 
Earth. In this way it has been possible to determine theoretically the values of 
the bodily tide numbers A, k and /. 

* I am indebted to Dr. Fedorov for calling my attention to this paper and to other Russian 
literature on the subject. 
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The work of TAKEUCHI (1950) reduces the problem to the solution of a system 
of three differential equations of the second order, and the bodily tide numbers 
computed agree with the values known from the observations. The Earth 
models adopted are based on Bullen’s values of the density and elastic para- 
meters, and it is shown that a statical theory is sufficient to solve the problem 
of the bodily tide. 

MOLODENSKY (1953) computes the values of the bodily tide numbers for 
different density distributions of the Earth models, that are arranged in 
agreement with the observed velocity of the seismic waves. 


6. MODERN RESEARCHES ON THE THEORY OF NUTATION 


The Earth model to be adopted has to consider the existence of a shell and a core, 
and the different properties of the two main regions of the interior of the 
Earth. After the choice of the Earth model has been made, it is necessary to 
know if we have to employ a dynamical theory or a statical theory for the 
motions of the Earth. Because of the different elastic properties of the shell 
and core, we have to investigate whether a dynamical or statical theory is 
convenient for both the shell and the core, or only for one of them. 

The connection of the bodily tide with the nutations, mentioned in Sec. 5, 
give us information about the possibility of applying a dynamical or statical 
theory to the problems of nutation. The nutations described are connected 
with the diurnal tides, but there are also semi-diurnal, fortnightly and semi- 
annual tides among the more important types of tides. 

The earlier investigations of KELVIN (1863b) and LAMB (1882), on the periods 
of free oscillations of tidal type, show that the periods are about 1-5 hour or | hour 
if a sphere of the size and mass of the Earth is fluid or has the rigidity of steel 
respectively. These periods can be considered as short in comparison with the 
diurnal tides and therefore it will be sufficient to employ a statical theory, at 
least for the shell of the Earth model considered, and the same applies to the tides 
of longer periods. 

The application of a statical theory to the core is still valid for the semi- 
diurnal, fortnightly and semi-annual tides (JEFFREYS, 1949) because the errors 
introduced, by neglecting rigidity and inertia in the statical theory, are of the 
same order as the approximations made in the theory when we consider the 
Earth as spherical. 

The neglect of rigidity and inertia in the core, that is, the application of the 
statical theory, is still valid for the Eulerian nutation, but it is not any more 
valid for the diurnal tides, as was shown by JEFFREYS (1949), from the con- 
ditions at the core boundary. 

The Eulerian nutation and the other nutations described in Sec. 3 tend to 
alter the position of the axis of rotation of the Earth, and this fact means that 
the boundary conditions at the core cannot be satisfied by a statical theory 
with the approximation necessary for the solution of the problem. 

These researches show that the study of the motion of the Earth, caused by 
the Eulerian and forced nutations described, needs the application of a dynamical 
theory to the motion of the core. 

The theories of the nutation have adopted an Earth model that is spherical, 
neglecting the ellipticity of the Earth. It is possible to show that the neglect of 
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ellipticity does not introduce any appreciable errors in the theory. In the 
establishment of the boundary conditions the products of the ellipticity and 
the elastic displacements are neglected, even in the statical theory (JEFFREYS, 
1949). 

The increasing number of geophysical observations, furnishing evidence 
about the interior of the Earth, and pointing out that the Earth should be 
considered as formed by a shell and a liquid core, led to the consideration of 
Earth models of this type and emphasized the importance of the older investi- 
gations that considered the core as fluid. 

The calculations concerned with the constant of nutation showed that the 
value of this constant would be considerably reduced, if an extensive part of the 
interior of the Earth were fluid (KELVIN, 1876). JEFFREYS (1948b) verified that 
the theoretical value would be smaller and explained Kelvin’s remark, that the 
reduced theoretical value would be independent of the thickness of the crust, 
noticing that Kelvin’s results only apply considering a thin shell, in agreement 
with the ideas accepted in Kelvin’s time. 


Precession and Nutation of a Rigid Shell and Fluid Core 


It is easy to adapt the theory of the oscillations of an ellipsoid composed of 
a rotating fluid contained in a rigid envelope, to the case of the rotating Earth 
formed by a liquid core contained in a rigid shell. 

Considering that the principal moments of inertia of the Earth (supposed a 
spheroid of semi-axes a and c) are A and C, of the envelope are Ay and Co, and 
of the core are A, and C,, we assume that the centre of mass and the principal 
axes of inertia of the shell coincide with those of the core. The core is supposed 
to have uniform vorticity and F represents (c/a) C. 

PoINncaRE (1910) employing the principle of mouvement simple of a liquid, 
that is, the velocity components of the liquid are linear functions of the coordi- 
nates, analyses this problem. Transforming the coordinates and the corres- 
ponding velocities by homogeneous strain, it is possible to reduce the problem 
to the case of a liquid within a spherical boundary, without affecting the boun- 
dary conditions, and facilitating the solution of the problem. 

Writing down the components of the velocity and vorticity (LAMB, 1932) we 
have 


a a c 
— Piz + — pz n= 


c c 


where (p, 9;, %) are the components of the rotation of the core and (p, q, r) 
refer to a uniform rotation of the whole body. 
The kinetic energy of the system is 


2T = Ap? + Aq? + Cr? + + Aygi + + 2Fpp, + 2Fqq, + 2Cyrn. 
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The dynamical equations and Helmholtz equations in relation to the moving 
axes, considering (L, M, 0) as moments of the external forces, are 


d 
5 (AP + Fp) — + + + Gn) | 


d 
(Aq + — p(Cr + Cyr) + r(Ap + Fp,) = M 


d 
(Cr + Cyr) + F(pq, — pig) = 9 


d 
di (Fp + Aypy) + + — + Gyn) = 0) 


d 
di (Fq + Ayqy) + + Cyn) — + Ap) = 0 


d 
di 7 (Gr + Cy) + F(pq — pig) = 9. ) 


dr 
The last equations of (12) and (13) show that =o 0, therefore r = const. = a, 
and they reduce to 


dr. 
Ca t — = 0. (14) 


The remaining equations (12) and (13) can be simplified considering that 
(p, q) and (p,, q,) are small quantities and that we can neglect their products. 
In this case equation (14) shows that r, will be constant and it will be considered 
as small. We have then 


dp _d 
AP (C og Fo, = L 


dq rh 


= (C — A)wp + Fop, = 


. .(16) 
dq 
dt 

The components of the external forces, due to the actions of the Sun and 
Moon, can be represented in the following way 


L=xcosot M =x sinot. 


+ Cop, = 0. 


We can write Eqs. (15) and (16) in a more compact form, representing 
p + iq = @ and p, + iq, = @,, then 
Ae do, 


— i(C — + iFod, = x et 
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The values of the free oscillations, when there are no external forces, are 
given by A(c) = 0, where 
Ao — (C — A)w F(o + @) 


A(o) = 
Fo Ayo + 


C. 
The roots of A(c) = 0 (considering that the ellipticity of the core ¢, = 


is a small quantity and neglecting quantities of the second order in relation to 


€,) areo = w and o = — o, that is, a root near zero and another equal 


A 
to — w. The root o = — w corresponds to a slight permanent shift in space 


of the axis of vorticity of the core, and the root o = = shows that the 
0 
period of the Eulerian nutation is shorter than in the case of a rigid solid body 


Cy) —A 
(which corresponds to the root — 7 ° w) and that is the result obtained by 
Hough. 
The Eqs. (17) and (18) give the values of the forced oscillations 


o=— me". ....(19) 


If the disturbing forces were invariable in space o = — w and Eq. (19) gives 
= es ie~‘®' and this result is the same as for a solid rigid body, showing 


that the core has no influence. 
But in the case that concerns us the disturbing forces vary slowly in space and 
we can write o = — w + n, where n/w is small, and Eq. (19) assumes the form 


(C, — Ayo + Ayn , 
A(—o+n 


e—t(a—n) t 


é=— 
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+n 
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Let us consider the following values of n/w: 


n 
= < e, and neglecting the terms of order ¢? we obtain © = Ca! "Siege 


This value is nearly equal to the one found for a rigid solid body. Supposing 
that the ellipticity of the core is approximately 0-00260, we see that this case 
comprises the luni-solar precession of period 26,000 years. 


= — 600 < & corresponds to the 19-yearly nutation and we have 
n 

= ix 


d 
= Ao) ix 
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showing that the fluid core affects the value of this nutation. For the semi- 


annual (* = and fortnightly = aa) nutations that have values 


greater than ¢,, expression (20) shows that the influence of the fluid core is still 
more important. 

These results have been enunciated by KELVIN (1876), but lack of knowledge 
about the values of the moments of inertia and ellipticity of the core, prevented 
to work out the solution for the Earth. 

This treatment of the problem of the nutations of a spheroidal Earth model, 
composed of a shell and a liquid core, works in terms of angular displace- 
ments in space and, for this reason, does not show one of the essential features 
of the theory of nutation, that was noticed by Poincaré, and refers to the fact 
that the roots of the equation for the free periods are grouped in pairs. 


Periods of the Eulerian nutation for different Earth models 


We have remarked about the influence of the elasticity of the shell and the 
fluidity of the core on the values of the Eulerian nutation. Writing down the 
equations of motion in terms of the displacements, instead of the angular 
velocities as it was done before, and considering several Earth models, it is 
possible to analyse the partial contribution of the form and elastic properties of 
the models adopted for the value of the Eulerian nutation. The results of the 
computations made (VICENTE, 1956) are indicated in Table 3. 


Table 3 


Period Number of roots 


Earth model 
spec (sidereal days) | zero or near — w or near 


Spheroidal, rigid solid 305 
Spheroidal, elastic solid 319 
Rigid spheroidal shell, 297 
spherical fluid core 
Spheroidal, rigid shell, 272 
liquid core 
Spheroidal, elastic shell, 401 
liquid core 


We know that the effect of the elasticity is to lengthen the period and the 
result of the existence of a liquid core is to shorten the period. The considera- 
tion of both these effects gives the greatest value for the period, but it is not yet 
enough to be in agreement with the results of the observations, given in Sec. 4. 
We see that it is necessary to consider more complex Earth models to give 
theoretical values nearer to the observed ones. 

The variables, that represent the displacements of the shell and core, give us 
indications about the relative motions of the shell and core. For instance, in 
the case of the model that considers a spherical fluid core, there is a zero root 
showing that the motion of the shell is symmetric in relation to the axis of 
rotation but the core has an initial arbitrary displacement that is maintained 
throughout the motion. 

Using the same models, we can compute the values of the forced nutations 
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described, and the conclusions are similar about the influence of the liquid 
core and the elasticity of the Earth on the values calculated. 


Features of the solution of the equations of motion 


A feature of the solution is the fact that the roots are grouped in pairs near 
certain values. In the case of the Eulerian nutation one pair of roots is zero and 
near zero, and the other pair is — w and near — w. This feature was analysed 
by Pomncaré (1910) who noticed that the problem was related with the general 
problem of resonance, that appears in all problems of a dynamical system in 
equilibrium, where we are interested in studying the small oscillations around 
the position of equilibrium. This is the case of the motion of the Earth around 
its centre of mass and therefore connected with the precession and nutation. 

We considered a set of axes Oxyz linked with the Earth and the system is in 
equilibrium, rotating with an angular velocity w around the axis Oz, neglecting 
the external forces. If we consider an axis of rotation slightly different from the 
Oz axis, the system will still be in equilibrium and rotating with the angular 
velocity w. We have then a free oscillation with period 27/w and the system 
behaves as a solid body. This is the case of resonance, and when we consider 
the forced oscillations with a period very near to the free period, the system 
behaves as a nearly solid body. 

The conclusions, derived from Eq. (19) when the disturbing forces were 
invariable in space, and from Eg. (20) when the disturbing forces vary slowly 
in space with a period n/w < &,, show that the liquid core does not influence the 
results and the system behaves as a nearly solid body. This behaviour was 
called gyrostatic rigidity by Kelvin. 

When, considering the disturbing forces, we have a pair of roots with periods 
very near to the period of one of the free oscillations of the system, we have what 
Poincaré calls double resonance, the system does not behave as a solid body 
and the influence of the liquid core is important. This is the case examined 
before, Eq. (20) for the values of n/m corresponding to the periods of the 19- 
yearly, semi-annual and fortnightly nutations. The solution of the equations 
of motion has a pair of roots with periods very near to the period of a free 
oscillation, and then there is double resonance, consequently the amplitude of the 
nutations will be different in comparison with the values obtained for a solid body. 

The consideration of elasticity does not alter the conclusions referring to 
double resonance, in an Earth model composed of a shell and a core. The 
existence of a root very near to the zero root, and then the effects due to double 
resonance, are associated with the value of the core ellipticity. If the ellipticity 
of the core were not very small, we could not have double resonance, and there- 
fore the amplitudes of the nutations considered would be similar to the values 
found for a solid body. 


Requirements for a modern theory of nutation 

We have shown the disagreements that exist between the observed and 
calculated values of the nutations, and the several possibilities of explaining the | 
disagreements. The connections of the theory of the bodily tide of the Earth 
with the theory of nutation were also noticed, and the great improvements 
achieved in the theory of the Earth tides because of the detailed knowledge 
of the interior of the Earth that we have nowadays. 
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The modern theory of nutation will have to be based on an Earth model 
closely approaching the constitution of the Earth known actually, and the 
equations of motion have to consider the Earth as a heterogeneous elastic 
body. It will be connected with the theory of the bodily tide of the Earth. 


7. ACTUAL THEORY OF NUTATION 


We have given in Sec. 2 and 3 a short description of the classical theory of 
nutation and we have mentioned in Sec. 4 the disagreements found. The 
imperfections of the classical theory were also due to lack of knowledge about 
the interior of the Earth. These facts have been considered in an attempt to 
improve the theory of nutation, in order to explain and understand the 
disagreements previously found. 

The actual theory of nutation proposed by JEFFREYS and VICENTE (1957a, b) 
considers an Earth model composed of a shell and a core. The composition 
adopted for the shell is the one derived by BULLEN (1936, 1940) and employed 
by TAKEUCHI (1950) in his statical theory of the bodily tide. Takeuchi’s statical 
theory of the shell is given in terms of six adjustable constants. We have 
mentioned in Sec. 6 that a statical theory of the shell is sufficient for the theory 
of nutation and in this way it was possible to adapt Takeuchi’s theory of the 
shell to the problem of nutation, some of the constants could be eliminated by 
means of the boundary conditions. Another advantage of this procedure is 
that the numerical calculations are easier. 

The investigations of BULLEN (1955) have permitted the determination of 
the composition and elastic properties of the core, but the results referring to 
the inner core have greater uncertainty than the values determined for the 
outer core. For this reason, simplified models for the core were adopted, both 
models giving the values of the mass and moment of inertia of the core in agree- 
ment with the values determined by Bullen. The models employed for the 
core correspond to two possibilities that we believe to comprise the actual 
behaviour of the core. 

The set of axes adopted consider the axis Oz fixed in a certain direction and 
the axes Ox, Oy rotate about it with a constant angular velocity w. The theory 
developed adopts Lagrangian coordinates and considers x; as the coordinates 
of a particle in its mean position, &; in its actual position. The particle at a 
position x, is displaced to x; + u;, where u; are the displacements, and then 
is carried to &, by a rotation (/, m). We then apply the principle enunciated by 
Poincaré (see Sec. 6) and we have 


= — + uy + + — 
& = — dm?) + ug + m(x3 + — 
= x,(1 — — 4m?) + ug — Ux, + uy) — + 


The procedure adopted has the advantage that the integrations necessary 
to compute the kinetic and potential energies are through the undisturbed 
position. The kinetic energy will be 


3 | | — w&,)? + + w&)? + dr 


where py is the undisturbed density. 
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The calculation of the work function proceeds by evaluating the several 
contributions due, for instance, to the gravitational potential and to the stress. 
The expression obtained for the work function can be simplified, considering 
that the initial stress is hydrostatic. The hypothesis that the Earth is in a hydro- 
static state is not verified for all the layers of the Earth and some recent observa- 
tions of the artificial satellites have given indications about this internal con- 
dition of the Earth. But the hypothesis is quite accurate enough for the present 
purpose. The expression obtained for the work function permits the determina- 
tion of the equations of equilibrium, giving a useful check of the calculations. 

The expression of the Lagrangian function can be simplified on account of 
the system of coordinates adopted, and also neglecting some terms containing 
the displacements, because of the short periods of the free vibrations in com- 
parison with the periods that give rise to the nutations. 

We know that the expressions of the potential that appear in the theory of 
nutation can be represented by a function of a solid harmonic Kg, of degree 2, 
of the type K(£)Kz, where K(£) is a number. 

The expressions adopted for the displacements in the shell are of the form 
aK, G® 


— x.K. 
2 
Ox; a 


uj = 


where F(&) and G(é) are numbers and a is the radius of the Earth. These 
expressions are of the form employed in the statical solution of the bodily tide 
developed by Takeuchi. 

Writing down the expressions of the boundary conditions, it is possible to 
adopt Takeuchi’s solution which is given in terms of F, G, K and their first 
derivatives. The advantages of using Takeuchi’s solution for the bodily tide 
are the simplifications introduced in the numerical calculations and the adoption 
of a shell model in agreement with the researches about the composition of the 
shell. 

The models considered for the core are in agreement with the main properties 
known from the observations, and they are called the central particle model 
and the Roche model. 

The central particle model considers the core as homogeneous and incom- 
pressible, with a point mass added at the centre to give an estimate of the possible 
effects of the inner core. The expressions of the displacements are linear 


functions of the coordinates. 
The Roche model considers a density distribution in the core given by the 


r 
expression p = ky — k,&°, where ky, k, are suitable constants and &, = = 
1 
where a, is the mean radius of the core. The expression adopted corresponds to 
a Roche’s type of density distribution law. In this model the displacements are 
not linear functions of the coordinates, and their expressions are constructed 
in such a way that they are intended to represent the main motions in the 
core. 
The central particle model corresponds to an extreme case because we know 
from the observations that the actual core is not homogeneous and incom- 
pressible, and the Roche model is another extreme case because the behaviour 
of the actual liquid core is not all due to compression. 
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The theory developed leads to the determination of the bodily tide numbers h, 
k, l, and we have seen in Sec. 5 the advantage of the knowledge of the values 
of these numbers. It is also useful as a check on the hypotheses and calculations 
made in the theory indicated. 

In the statical case the values computed are: 


h k 


Central particle model . 0-289 0-082 
Roche model ‘ 0°598 0-273 0-082 


The values obtained are practically the same because we are considering, in 
both models, shells with similar compositions, and the mass and moment of 
inertia adopted for the core are also the same. The results obtained for the 
statical case are in agreement with the values determined from geophysical 
observations. 

The solution of the equations of motion is obtained considering a time 
factor e*”*, where y is the speed of a circular motion relative to the set of co- 
ordinates adopted, which rotate with the Earth’s mean angular velocity w. The 
determination of the free periods, when there are no external forces, gives the 


following results for the values of y: 
Eulerian nutation 


(sidereal days) 


Central 0, 0:00255w, 0:00224m = 392-4 


1 
particle 0-00255 


1 
Roche 0, 000253, — w, — w — 0:00403m, — w, — w + 0:00679m 000253 394-9 


The free speed 0 corresponds to a statical displacement of the core without 
moving the shell. The value — w shows that the rate of motion of the axis in 
space is similar to the value found for a rigid body and corresponds to the 
precession. The last solution, obtained for the Roche model, is a consequence 
of the variation of density in the core. Examining the values found for the 
displacements in the core, for both models, we arrive at the conclusion that the 
cubic terms in the displacements are important. 

The values of the period of the Eulerian nutation are shorter than the values 
found from the observations, indicated in Sec. 4, but we have to consider yet 
a certain number of corrections already mentioned in that Section. 

We have to consider now the case of the solution of the equations for the 
forced motions. 

Considering that y = — w + n, the values of n/w that concern us correspond 
to the following components of the nutations and the diurnal tides: 

1 1 1 1 1 1 
Tidal K, K, K, P 
component (companion (companion) 
Nutation Secondary Principal Precession Principal Semi- Fortnightly 


component fortnightly nutation nutation annual 
(correction) 


A 
1961 
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Table 4 


Central 
particle 
model {¢,/% 


Roche 

model 


3/30 


13-7 


1-0768 
— 0°509 

1-067 
— 0-415 

0-274 


~ 183 


1-0895 
— 0-819 

1-142 
— 1-312 
— 2:03 


~ 6800 


0-9964 
0-034 
0:9989 


0-0104 
0-047 


6800 


1-0036 
— 0:034 
1:0012 


— 0-0112 
— 0-042 


The solution for the main displacements are written in Table 4, where ¢ 
represents the general rotation (¢ = / + im) and &% is the value of ¢ for a rigid 
Earth, taken as a standard of comparison. The general displacement in the core 
is represented by the rotation ¢, in the central particle model, and by ¢, for the 
Roche model. The displacement ¢, appears as a consequence of non-uniformity 
in density. 


1 
The change in sign and the different values between — 183 and — 6800 ate 


associated with the peculiar values that ¢, ¢, and ¢, have for certain values of n/w 
between these two. The values of the slip at the boundary of the shell and 
core have greater and different values for the Roche model, and this was ex- 
pected because of the non-uniformity of density in the core. The solutions 
give us an indication of the behaviour of the core, showing the main motions 
and their relative importance for both models. 

The results referring to the bodily tide numbers, which are easy to obtain 
from the equations of motion, are 


0 
13-7 ~ 183 183 


Central 0-590 0-523 0-492 0-555 
particle 0-244 0-218 0-206 0-231 
model 0-082 0-084 0-086 0-082 


0597 | 0-710 | 0-551 0-568 
go 0-258 0-298 0-244 | 0-264 
0-070 | 0-072 | 0082 | 0-084 


The general behaviour of the bodily tide numbers, in both models, is similar. 
In comparison with the statical case, the values of / are nearly the same for both 
models. The values of h and k are smaller than the statical values for the central 
particle model, but for the Roche model these values increase again, being nearer 
to the statical values. 

The fact that the computed values are in agreement with the experimental 
values indicated by TOMASCHEK (1957) gives a useful check on the theory 
developed. 

The ratios of the observed values of the nutations (written in Sec. 4) and the 
computed values for a rigid solid Earth (indicated by Eq. (11)), show us the 
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183 13-7 
1 1-0350 10269 
0 — 0-342 | — 0-458 
1 0-9707 1-0266 
0 0-258 | — 0-460 
VO 
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13-7 
0-584 
0-242 
0-082 
0-603 
0-261 
0-078 
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behaviour of the Earth. The comparison of these ratios with the values 
of ¢/fy, written in Table 4, give an indication of the possibility of the 
theory explaining the behaviour of the Earth by one of the Earth models 
indicated. 

In the case of the 19-yearly nutation, considering the observed (9°210) and 
theoretical (9220) values adopted by Newcomb, we have for the ratio 0-9989. 
The more recent determinations give 0-996 or 0-997 for the ratio, depending on 
the values adopted for the constant of nutation. The ratio ¢/¢), considering an 
Earth model formed by a rigid shell and fluid core (JEFFREYS, 1948b, VICENTE, 
1956), gives 0-994; in the case of the central particle model the value is 0-996 
and for the Roche model 0-999. 

The recent determinations of FEDOROV (1958a), mentioned in Sec. 4, permit 
the computation of the ratio for the values in longitude, and the comparisons 
with the present theory (JEFFREYS, 1959b) show that the term in obliquity 
(constant of nutation) is in agreement with the central particle model and the 
term in longitude with the Roche model. 

We have described in Sec. 1 and 2 the different axes that appear in the 
theory of the motion of the Earth, and we have remarked that some of the 
classical theories adopted different axes. The neglect of the distinction between 
some of these axes introduces errors that are not negligible, when we want to 
compute the values of the nutations to 0°0001. JEFFREYS (1959b) gives the 
positions of the axes of figure, instantaneous rotation and angular momentum 
in terms of the variables adopted in the theory here described. 

The computations from the observations, for the fortnightly and semi- 
annual nutations, have only been attempted in the last few years (see Sec. 4). 
The comparison with the present theory shows (JEFFREYS, 1959b) that the semi- 
annual nutation agrees best with the central particle model and the fortnightly 
nutation is in agreement with both models. In Sec. 4 we mentioned the 
observational difficulties that appear in the determination of these nutations, 
specially the semi-annual nutation. 


Corrections to the Computed Values of the Nutations 


Comparing the observed periods of the Eulerian nutation (Sec. 4) with the 
computed ones (Sec. 7) we notice that they are not in agreement. The theory 
developed took into account the hypotheses (1) and (3) mentioned in Sec. 4, but 
we have not yet considered the influence of the oceans and the distribution of 
the continents on the surface of the Earth. 

Newcomb’s investigations (1892) mentioned the influence of the oceans, but 
the computations made to determine its value were made later (LARMOR, 
1915), showing that it would increase the theoretical value. 

The actual theory leads to a value of 392 days for the period. Calculating 
the corresponding values of Love’s number k and the rigidity for an entirely 
elastic body, it is possible to compute (JEFFREYS and VICENTE, 1957b) the value 
of k for an Earth covered by a shallow ocean. The computed value of k, 
inserted in Love’s formula that gives the free period (MELCHIOR, 1957, Eq. (32)), 
shows that the lengthening due to the ocean is about 57 days. Allowance for 
the fact that the ocean does not cover the Earth reduces this value to 38 days. 
This correction is sufficient to produce agreement between theoretical and 
observed values. 
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The magnitude of the correction due to the existence of the oceans show its 
importance and also the difficulties inherent in its determination. 

We have to consider now the influence of the ocean on the values of the 
forced nutations. We know that they correspond to diurnal tides and for these 
tides there is not any satisfactory theory for the actual ocean. But if we 
remember that the ratio of the moments of inertia of the ocean and the solid 
Earth is about 1/1000, and considering the small values of n/m, we can be fairly 
confident that the correcting factor due to the existence of the ocean is negligible. 


Other Geophysical Effects 


The possible existence of a phase shift has been considered (JEFFREYS, 1950), 
and the known results about tidal friction show that the phase shifts for the 
nutations are of the order of a fraction of a degree. FEDOROV (1958b) estimates 
terms giving phase shifts, and the results show that it is unlikely they will be 
detected from the observations. 

The Earth models described in Sec. 7 do not allow for the size of the inner 
core. The consideration of the inner core would involve greater mathematical 
difficulties, and remembering that the mass and moment of inertia of the inner 
core is small in comparison with the values referring to the core, we can guess 
that the effect is probably small (JEFFREYS and VICENTE, 1957b). 

The problems arising from the existence of viscosity in the core have been 
considered by BONDI and LYTTLETON (1948, 1953). They consider a spherical 
model composed of a rigid shell and a core of uniform density and viscosity. 
The coupling between the motion of the shell and that of the viscous core 
occurs at all parts of the surface layers owing to frictional forces. The equations 
of motion contain terms depending on the viscosity but only for the boundary- 
layer. The investigations are concerned with the steady motion only, and 
because of the mathematical difficulties involved it is not even possible to 
establish with certainty the existence of turbulent zones within the core. 

Some investigations, also concerned with the motions in the core, refer to 
the possible explanations of the Earth’s magnetic field. A review has been 
written by Hipe (1956) about the several possible causes for the hydro- 
dynamical flow in the core and its behaviour, considering also the possible 
magneto-hydrodynamic effects. This review also emphasizes the great 
mathematical difficulties of the dynamics of the core. 

BULLARD (1949), on account of the magnetic fields observed, suggests that 
the several nutations are incapable of producing a magnetic field inside the 
core greater than the dipole field. The precession is a possible exception if 
Poincaré’s conclusions, stated in Sec. 6 and 7, are not verified. 

There are also investigations that try to explain the variations in the Earth’s 
speed of rotation, the geomagnetic westward drift, etc. by supposing that they 
are a consequence of core motions. Other investigations suggest that these 
phenomena are a cause of the core motions. Some of these investigations are 
described by (1956). 


Conclusions 

The results that have been obtained for the nutations, with the Earth models 
adopted in Sec. 7, show that there is a broad agreement with the observational 
results and consequently we can say that the electromagnetic forces do not seem 
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to have a main réle in these problems. The Earth models, based on mechanical] 
properties only, appear to be sufficient for the theory of nutation. 

The consideration of more complex Earth models, especially for the core, 
encounter great mathematical difficulties that it has not been possible to solve 
hitherto. 
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CHEMICAL AND MINERALOGICAL ASPECTS 
OF DEEP-SEA SEDIMENTS 


By Epwarp D. GOLDBERG 
Scripps Institution of Oceanography, University of California, La Jolla, California 


Keys to phenomena which occurred on the surface of the earth are sought in 
studies of the chemistry and mineralogy of sediments from the deep-sea floor. 
Climate, vulcanism, and the paths of ocean water currents are but a few 
examples of activities that may well be logged in pelagic deposits. Recently, 
emphasis has been placed on the calcareous deposits with impetus being 
provided by the isotopic geology of carbon and oxygen. The problems of paleo- 
temperatures and paleo-productivity in the marine environment have been 
dealt with most successfully (a summary of this work may be found in Arrhenius, 
1959). 

The deep-sea deposits are especially attractive on a number of counts. First 
of all, the total length of the column of unconsolidated sediments is small; 
in the Pacific the first major change in travel times of seismic waves occurs at a 
depth of the order of hundreds of meters (RAITT, 1956). Although up to the 
present only a surface layer of tens of meters has been cored and but a modest 
penetration into the Cretaceous has been made, there is every hope that within 
a few years all levels of the pelagic column will have been explored. Secondly, 
most of the recovered samples from the deep-sea floor appear to be relatively 
undisturbed. Some alterations in the depositional record are evident and are 
apparently due to near-bottom currents, earthquakes, or bottom organisms or 
combinations of any of the three, but, as will be pointed out in the text, we are 
now in a position to estimate in many cases the degree of disordering quanti- 
tatively. Finally, the various minerals that make up the deposits are small in 
number, compared to their terrestrial or near-shore counterparts, and can often 
be unambiguously traced to the geosphere in which they were formed. This 
circumstance can provide a ready entry into investigations of the mechanisms 
of formation and modes of transport of individual components of the deposit. 

Present day researches have for the most part left the descriptive stage; 
two related areas of work appear quite rewarding—geochronology and the 
authigenic minerals. The potential radioactive clocks for the pelagic deposits 
cover essentially the entire span of geologic time. However, their full utilization 
awaits more information on the chemistry and mineralogy of the solid phases 
of the deep-sea floor. Also, present laboratory work on the synthesis and 
analysis of authigenic minerals is already yielding significant information on 
oceanic conditions in the past accompanying their formation. This paper will 
attempt to take stock of recently acquired knowledge, and the accompanying 
problems, emphasizing by way of examples the non-calcareous pelagic sediments 
of the Pacific Ocean. 

281 


VOL. 
4 

1061 


EpWarRD D. GOLDBERG 


GENERAL CONSIDERATIONS 


The chemical characteristics of pelagic sediments are distinct from those of the 
sediments of the coastal marine and continental environments. The unique 
feature of deep-sea accumulations is the enrichment of such metals as 
manganese, nickel, copper, cobalt and lead. These elements are primarily 
associated with the ferromanganese minerals, a group of layer lattice compounds 
composed principally of oxides of manganese and iron. In general there is a 
close association between the gross chemical composition of a given sediment 
and the minerals present, and it is on this basis that a satisfactory introduction 
into the chemistry of pelagic deposits can be made. 

Figure | gives the ratios of elemental abundances in Pacific pelagic sediments 
to those of igneous rocks. It is quite evident that the major rock-forming 
elements, Si, Al, Fe, Ti, Mg, Ca, Na and K are neither enriched nor depleted 
on an over-all basis in the oceanic deposits as compared to the crustal rocks of 
the earth.* 

The marked accumulation of boron in marine sediments, first pointed out 
by GOLDSCHMIDT and Peters (1932), is related to the high boron content of 
sea-water. Whereas non-marine argillaceous sediments contain about 5 to 
50 p.p.m. of boron, those of the oceanic environment are around an order of 
magnitude higher. The major part of the boron is strongly bound in the 
authigenic minerals (GOLDBERG and ARRHENIUS, 1958) and quite probably 
proxies for silicon in the tetrahedral sheets of the clays. 

Deposits from given areas can often be characterized by slight, but evident, 
modifications in their chemical makeup compared to the norms shown in 
Fig. 1. For example, the titanium content is normally similar to that of igneous 
rocks, but in areas subjected to volcanic influences of a basaltic nature, the 
titanium contents rise quite significantly. Whereas most sediments have a 
titanium content of the order of a half per cent, the deposits north of the 
Hawaiian Islands assay 1 to 2} per cent. In clays having no volcanic contribu- 
tions, titanium occurs in probably authigenic anatase (also rutile, whose origin 
is as yet unknown) and is also structurally bound in iron minerals (GOLDBERG 
and ARRHENIUS, 1958). 

The importance of pelagic sediments, which may be defined as those with 
characters not strongly influenced by nearby land masses as distinguished from 
the generally largely terrigenous deposits of the continental slope and shelf, 
in the major sedimentary cycle has been evaluated many times with a range of all 
possible answers. At one end of the spectrum is the hypothesis of GOLDSCHMIDT 
(1954) who believed the regions of deposition are mainly the continental areas, 
and the pelagic regions are relatively unimportant. He assumed, as have subse- 
quent investigators, that, for all practical purposes, the weathered surface 
materials of the earth eventually end up as solid or dissolved phases in the 


* The data in Fig. 1 are based on chemical analyses of untreated pelagic sediments, i.e. no 
attempt was made to remove the pore solution contained in the solid phases. Ordinarily, the 
samples are freed of water by drying at 110°C subsequent to analyses. Early workers attempted 
to remove the sea salts from their samples, but in the light of present knowledge of the ion- 
exchange and sorbtion properties of minerals, it is very difficult to conceive of a washing 
technique which would solely remove the dissolved salts from the sample without altering the 
composition of the solid phases. 
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oceans. He concludes that the average thickness of sediments is 638 m over the 
surface of the earth distributed among the shales and sandstones (585 m), 
limestones (38 m) and dolomites (15 m). 

KUENEN (1950) calculated that the mass of deep-sea clays accounts for over 
50 per cent of the sediments with a ratio of red clay, blue mud and globigerina 
ooze of 8:2:1 and that the total mass of pelagic and hemipelagic sediments is 
three times the mass of the continental and epicontinental sediments. GOLDBERG 
and ARRHENIUS (1958) in their balance sheet accounting for the weathering of 


Concentration in pelagic sediments /concentration 
in igneous rocks 


02 04 O08 2 4 6810 20 4060 100 


Fig. 1. Ratios of average elemental abundances in Pacific pelagic sediments and 
igneous rocks. Ranges are indicated by the lengths of the horizontal lines, and 
modes by a short vertical line. (From GOLDBERG and ARRHENIUS, 1958.) 


igneous rocks to sediments and dissolved substances in sea-water compute that 
around 13 per cent of the total amount of sediments has entered the pelagic 
areas. For every square centimeter of earth’s surface, they find 185 kg/cm? of 
igneous rock eroded to form 23 kg/cm? of pelagic clay, 8-5 kg/cm? of globigerina 
ooze and limestone and finally 145 kg/cm? of shales and sandstones. 

Such results are unsatisfying. First of all, the figures one obtains by such 
geochemical balance computations are not in agreement with field measurements 
on the relative percentages of types of sedimentary rocks. Whether the dis- 
crepancies arise from the deficiencies in either or both methods is not clear. 
Also, there is a rather large region of cloudiness surrounding many entries in 
such bookkeeping. It is normally assumed that the ultimate sources of sediments 
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are the weathering products from the continents, although a number of authors 
have pointed out that the pyroclastics and the substances derived from their 
decomposition may contribute significantly to deep-sea deposits. It is very 
difficult to weigh such effects at the present time. In addition, as previously 
pointed out, our sampling of the pelagic deposits is inadequate. RAITT’s (1956) 
value of a few hundred meters depth of an unconsolidated layer can be compared 
with values of the order of meters or tens of meters for typical depths of 
recovered samples. Radical changes in the types of sediment between the 
Tertiary and Quaternary have been observed (GOLDBERG and ARRHENIUS, 1958) 
and, depending upon the weighting, either group of samples can strongly 
influence the calculated average composition of pelagic sediments. 

Possibly, the role of pelagic sediments in the major sedimentary cycle can 
best be approached by considerations of the reactivities of the elements in 
sea-water with respect to the formation or incorporation into solid phases. 
A quantitative consideration of this problem may be found by studying the 
average residence times, expressed in years, that an element spends in the sea 
before precipitation to the ocean floor. BARTH (1952) calculated such numbers 
on the basis of the amount of element delivered to the oceans per year by the 


rivers, defining 
__ amount of element in the sea in grammes 


supply in grammes per year 


Using published values of the average composition of river water and the 
influx of river waters into the ocean per year he arrived at the values in Table 1. 


Table 1. Residence Times of Elements in the Oceans 


Amount in oceans (g) Residence time (years) 


Goldberg and Arrhenius 


1022 108 
1021 107 
10!” : 10’ 
10’ 
10° 10? 
10° 
10% 10° 
10° 
10% 104 
1014 10* 
1078 104 
10% 10° 
101% 10° 
10% 10° 
107° 10° 


Na 
Mg 
Li 
Sr 
K 
Ca 
U 
Zn 
Cu 
Co 
Si 
Mn 
Th 
Ti 
Al 


A 


xX XX XK XK XK XK XK XK XK XK XK 


On the basis of their geochemical balance sheets, GOLDBERG and ARRHENIUS 
(1958) computed the residence times on the amounts of elements precipitating 
to the ocean floor where 
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; = 2mount of element in the sea in grammes 
amount sedimented per year 


Their values, also given in Table 1, show a remarkable agreement with those of 
Barth. There are many assumptions involved in the derivation of these numbers. 
A steady state system is assumed and the mixing times of the waters containing 
the introduced elements (or the waters which have lost elements) are taken as 
short compared to the residence times. The residence times of the order of 
hundreds of years, of elements such as iron, titanium and aluminum, are of the 
same order as the mixing times of the oceans. Such elements can either be highly 
reactive or can enter the oceans as solid phases and rapidly fall to the ocean 
floor. Probably much of the silicon and aluminum in deep-sea deposits enters 
as solid phases (see Section on lithogenous components). Such residence times 
cannot be taken too seriously. On the other hand, ARNOLD (1958) and 
Koczy (personal communication) have pointed out another condition to be 
fulfilled, that the supply per year or the amount sedimented per year has not 
changed in times of the order of 3. Thus, one might question the significance 
of the sodium residence time which is probably about an order of magnitude 
smaller than the age of the oceans. 

Elements enriched in pelagic sediments, such as manganese, cobalt, nickel 
and zinc, all have short residence times, probably coming about from their 
incorporation into such hydrogenous and biogenous phases as ferromanganese 
minerals and skeletal debris of fish. Their enrichment in pelagic sediments, 
about a factor of ten over surface rocks, also results in their impoverishment in 
sea-water, all of these elements being in highly undersaturated states (Table 2; 


Table 2. Comparison of Observed Concentrations of some Trace 
Elements in Sea-water with those Concentrations calculated upon the 
basis of their most Insoluble Compound (GOLDBERG, 1958) 


I Observed concentration Calculated limiting Limiting 
in oceans “concentration compound 


Mn*+ 4 x 10-8 ~ 10% MnCO, 
Ni*+ 4x 10-8 ~ 10-8 Ni(OH). 
~ 10-8 ~10-* — 10-7| CoCO, 
Zn*+ 2x 107 ~ 10-4 ZnCO, 
Cut+ 6 x 10-8 ~ 10-4 CuCO; 


GOLDBERG, 1958). Similarly, barium, possibly removed by excess sulphate 
produced by the combustion of organic material in the sediment deposit site, 
is also enriched in pelagic sediments and enjoys but a short residence time in 
the oceans. 


SOURCES OF THE SEDIMENT COMPONENTS 


Lithogenous components. Those solid phases in the sediments include the 
substances resistant either to chemical or mechanical weathering, or both, 
which originate from the earth’s lithosphere. Such minerals as quartz, mica, 
feldspar, augite and hornblende, as well as volcanic debris, constitute the more 
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obvious members in the group, although certain of the clay minerals may have 
initially formed on the continents.* 

Volcanic ash horizons have been observed in a number of areas. BRAMLETTE 
and BRADLEY (1940) used two silicic volcanic ash zones to establish a strati- 
graphy in Atlantic sediments, while MELLIS (1954) has made preliminary 
attempts at defining stratigraphic levels in the Eastern Mediterranean on the 
basis of the refractive index of volcanic glass fragments. In the Cape Verde 
Basin, RADCZEWSKI (1937b) found the sediments to be extraordinarily rich in 
volcanic material derived from the Cape Verde Islands. Up to 45 per cent of 
the non-calcareous portions of the deposits consist of volcanic augite. Increased 
amounts of feldspar, augite and hornblende accompany deposits of volcanic 
glass in the Pacific (REVELLE, BRAMLETTE, ARRHENIUS and GOLDBERG, 1955). 
Quantitative studies on the relative contributions to oceanic deposits of such 
volcanic material, are lacking. 

The transport of atmospheric dusts to oceanic areas was initially recorded in 
the twelfth century by the Arabian geographer Edrisi (RADCZEWSKI, 1937a). 
Radczewski further notes the rather common occurrence of dust falls which 
have been observed as far as one thousand sea miles from the coastline. The 
dusts furthest from land, composed of fine-grained clays, are reddish due to the 
preferential loss of the larger yellow quartz grains which give the dusts, closer 
to the continents, a more buff-colored tinge. The particles consist of quartz, 
clay, calcite, iron oxides, feldspars with minor quantities of green hornblende, 
biotite, tourmaline, garnet, epidote, titanite, rutile and zircon. 

Such dusts stimulated RADCZEwSKI (1937a) to find a quantitative measure 
for terrestrial contributions to the deep-sea deposits. Inasmuch as the most 
probable source for some of the non-volcanic material in the Cape Verde basin 
was the Sahara Desert, a search was made for an indicator, characteristic of 
this arid area. Quartz grains, coated with a red-brown hematite, proved to be 
diagnostic of the desert material. These particles, the so-called ‘“Wiistenquarz,” 
constituted between 3-1 and 39 per cent of the total quartz in the 10-50 w size 
range and between 5 and 22 per cent in the 5-5—10 yw size range. The percentage 
decreased in these deposits further from the shore and the highest values were 
found in the inshore coarse fractions. Finally, the Wiistenquarz was found in 
all samples of the last glacial and interglacial states. 

In the Pacific Rex and GOLDBERG (1958 and some unpublished data) made 
quantitative analyses of quartz in surface sediment samples and found a marked 
latitudinal dependence with maximum concentrations around 30° N and, some- 
what less distinctly, around 35° S (Fig. 2). 

These results are reported on a calcium carbonate-free basis. The quartz 
particles occur in the deposits as chips and shards and are well sorted with 
maximum concentrations between | and 20 uw. The Stoke’s law settling times 
of approximately 2 years for 10 w particles to cover 4000 m, coupled with the 

* The distinction between detrital and authigenic minerals, for example the clays, is not 
clearcut. For example, a clay mineral particle, derived from the continents, may undergo 
partial changes in its structure while passing through the hydrosphere to the ocean floor. 
Boron, much more abundant in the oceans than in terrestrial waters, may well enter the clay 
structure or additions to the already existing minerals, resulting in higher contents of boron 
in marine clays. (See GOLDBERG and ARRHENIUS, 1958, for a review of the boron problem.) 


This problem in the extreme reverts to the classical conundrum of the sock, which is repeatedly 
darned until none of the original material is left. Is this a new sock or not? 
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observation that the highest quartz concentrations in the mid-latitudes were in 
deposits furthest from land, suggested modes of transport other than by water 
currents. In addition it is difficult to fit the observed latitudinal variations with 
any observed circulations of Pacific waters. 

Several lines of evidence pointed to the atmospheric transportation of the 
quartz and to a relationship of the observed distribution in sediments to the 
exposed arid land areas, i.e. the deserts of the world are the primary sources of 
this mineral in the sediments (Fig. 2). The atmospheric wind fluxes in the 


20 


15 


Arid land area, 
arbitrary units 


40 30 20 10 20 30 40 50 60 70 
South Latitude North 


Fig. 2. The quartz contents of Pacific pelagic sediments (on a calcium carbonate- 
free basis) and the arid land areas of the world as a function of latitude. 


troposphere, the presumed transporting agent, are zonal and are consistent 
with the latitudinal distribution. The authors found quartz in the intestines of 
filter-feeding pelagic organisms living in the surface waters of the mid-Pacific 
ocean. The observed size distribution of quartz is similar to that observed in 
atmospheric fallouts. Finally, quartz has been repeatedly reported as a main 
constituent of atmospheric dusts. 

Goldberg and Rex also observed that the longer cores from the ocean floor 
displayed a marked decrease going from the recent to the older strata. It was 
suggested that the changes indicate a major climatic shift that occurred 
sometime during the Late Tertiary. 

Cosmogenous components. In 1876 Murray first called attention to certain 
spherical particles in deep-sea sediments, having a highly magnetic nature (a 
rather detailed account of his work may be found in Murray and RENARD, 
1891). They seldom exceed 0:2 mm in diameter and were more commonly 
found in the 30-60 yw size range. The spherules generally have a nucleus and a 
crust; the former is metallic iron while the shell is magnetite. The metallic 
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phase directed Murray to consider a relationship with iron meteorites and an 
extra-terrestrial origin for these spherules. The presence of the oxidized 
coating was attributed to the combustion of the iron nucleus while passing 
through the earth’s atmosphere.* 

Some eighty years later chemical confirmation of the deduction of Murray 
was made in several laboratories (SMALES, MAPPER and Woop, 1958; CASTAING 
and FREDRIKSSON, 1958; and HecuT and Patzaic, 1957). These groups of 
workers attempted to compare the rather unique composition of iron meteorites 
with the spherules. Typical results, as given in Table 3, indicate that the copper, 
cobalt and nickel concentrations in these two materials are remarkably similar. 


Table 3. Some Elemental Ratios in Deep-sea Spherules and Iron 
Meteorites (SMALES, MAPPER and Woop, 1958) 


Ni/Cu Ni/Co Cu/Co Ni/Fe 


Magnetic spherules ~ 1400; ~ 1100 17:48 0-012; 0-012 | ~0-08; ~ 0-13 
Iron meteorites 210-1650 7:3-43°4 0:013-0-069 0:06-0:17 


These spherules have been gathered in situ by the use of magnetic rakes 
(BRUUN, LANGER and PAULY, 1955) and in the laboratory by the use of magnetic 
separators (LAEVASTU and MELLIs, 1955; PETTERSSON and FREDERIKSSON, 1958). 
Besides the metallic spherules, other magnetic materials have been collected 
including some reniform slag-like particles consisting of a silicate ground mass 
with magnetite crystals, some irregular pieces of metal, and spherules containing 


no metal (BRUUN et al., op. cit.). Some of the siliceous matter bears resemblances 
to stony meteorites, but definitive work on possible cosmic origins of such 
particles remains to be done. 

PETTERSSON and FREDRIKSSON (1958) made quantitative measurements on 
the numbers of spherules larger than 30 yw in a group of deep-sea cores. They 
pointed out that the contributions of particles with diameters under 30 y, 
particles difficult to count and easy to overlook, were not significant to the total 
weight of the spherules. The numbers of counted spherules per kilogram of 
salt- and carbonate-free sediment varies in the units of hundreds and thousands 
and a typical depth distribution of spherules is given in Fig. 3. From results in 
other cores which had higher concentrations of spherules in the upper layers, 
Pettersson and Fredriksson suggest that the frequency of such spherules 
deposited in recent times has been higher than in the past. Further, on the 
basis of ionium-radium chronology for the rate of accumulation of pelagic 
sediments, they calculate the total accruement of spherules to the earth’s surface 
to be of the order of 2500-5000 metric tons annually. 

Biogenous components. The three principal solid phases in pelagic sediments 
arising from living matter in the sea are calcium phosphates, calcium carbonates 
and silicon dioxide. These three substances make up in large part the skeletal 
building blocks of the plants and animals. 

* This conclusion was experimentally verified by CaSTAING and FREDRICKSSON (1958) who 
found that the content of nickel, cobalt and iron were in similar concentrations in both the 
shell and metallic core. 
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Biogenous apatite consists primarily of the skeletal debris of fish in the 
sediments. ARRHENIUS, BRAMLETTE and PiccioTTo (1957) and ARRHENIUS and 
KorKISCH (unpublished manuscript) have examined material from the late 
Pleistocene to Recent and found that it contained not only very high contents 
of uranium and thorium but also 0-6-1-5 per cent of zinc, 0-1-0-5 per cent of 
copper, 0:05-0:15 per cent of tin and 0:03-0:10 per cent of lead. These workers 
separated the organic phases from the inorganic phosphate matrix and demon- 
strated that the rare earth elements, most of the strontium and barium occur 
in the apatite structure, whereas the organic phases were host to the zinc, tin, 
lead, titanium, copper and silver and much of the magnesium, aluminum 


Spherules / kg of salt-and carbonate-free sediment 


1000 2000 3000 4000 5000 


cm 
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Fig. 3. The number of cosmic spherules, per kg of salt- and carbonate-free sediment 
from Swedish Deep Sea Core 90, 3° 21’S; 174° 12’ W; 4830 m. (From PETTERSSON 
and FREDERIKSSON, 1958.) 


chromium and nickel. There were no significant differences in these elementa, 
contents between the Recent and Tertiary strata. 

Analyses of fish bones taken from living organisms did not reveal high 
concentrations of any of the above cited metals. The accumulation of the metals 
appears to take place subsequent to the death of the organisms and apparently 
at the surface of the sedimentary deposits. 

Bowie and ATKIN (1956) reported high amounts of thorium and uranium 
in the skeletal remains of Devonian fish. The thorium occurs principally in the 
organic matter while the uranium is concentrated in the apatite structure. 

The calcium carbonate deposits on the deep-sea floor stem mainly from 
Foraminifera, Coccolithophoridae and pteropods. The carbonate content of 
sediments in general decreases in amount with increasing depths of the super- 
ficial water layer. In the Pacific, for example, at 2000 m the carbonate content 
of sediments is of the order of 60 percent; at 4000 m, 40 percent; and 5000 m, 
15 per cent and disappearing somewhere after 5500 m (REVELLE et al., 1955). 
The calcium carbonate content of pelagic sediments can range from zero to 
nearly one hundred per cent. 
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Opal, a highly disordered form of silicon dioxide, generally contains less than 
12 per cent water and comes to the sea floor as the frustules of diatoms, a uni- 
cellular group of marine plant life, or the skeletal remains of such organisms as 
Radiolaria and sponges. There is no evidence for the inorganic deposition of 
opal in the marine environment. 

Associated with the high amounts of biogenous phases in certain deposits 
is the element barium. GOLDBERG (1959, in press) has indicated a covariance 
between this alkaline earth and the opal content of a pair of diatomacous cores 
from the Bering Sea. The barium concentrations rose to values of 0:25 per cent 
in levels containing 20 per cent or so of opal, while barium itself could not be 
detected (less than 0-005 per cent) in the pure separated diatom frustules. 

REVELLE (1944) has commented upon the high contents of barium in deep-sea 
sediments, especially the enrichment in the globigerina oozes (pelagic sediments 
with over 30 per cent by weight of calcium carbonate in the form of foraminiferal 
tests). 

GOLDBERG and ARRHENIUS (1958) have extended this observation by 
measuring the barium/clay mineral ratio across the equatorial zone of high 
organic productivity. The ratio was twenty times higher under the remarkably 
fertile zone of the equatorial divergence (10° N to 10° S) than at higher northerly 
or southerly latitudes. In such deposits the absolute barium concentration 
rose to values of one per cent or even higher. As in the case of the opal skeletal 
remains, there is practically no barium in the calcite of Foraminifera and 
Coccolithophoridae. 

Inasmuch as unusual concentrations of barium are associated with biogenous 
solid phases that do not contain barium, it appears profitable to seek out an 
accumulation mechanism involving the non-skeletal living matter. Perhaps, as 
ARRHENIUS (1959) suggests, the combustion of the organic matter on the sea 
floor by oxygen results in the release of additional sulphate ion to the surrounding 
sea-water. If the supply of sulphate ion is sufficient, the precipitation of barium 
sulphate in the form of barite can occur. Barite is apparently one of the 
principal forms of barium in the pelagic deposits (GOLDBERG and ARRHENIUS, 
1958). 

Hydrogenous minerals. The ferromanganese minerals represent the most 
nearly unique, and for possibly this reason, the most studied of the marine 
authigenic minerals. They exist in the form of nodular concretions, the so-called 
manganese nodules which range in size from millimeters to about a meter, 
coatings, and as components of the unconsolidated sediments. The two 
principal metals, iron and manganese, are normally present in similar amounts, 
although, less generally, either of these two elements can be dominant. They 
are found on both ocean floors and normally occur in localities where the 
total rate of accumulation of the sediments is low. MENARD and SHIPEK (1958) 
estimate that about 20-50 per cent of the deep-sea floor in the Southwestern 
Pacific is covered with the manganese nodules, from studies of photographs of 
the deep-sea floor and of the occurrence of nodules in cores. Such phases as 
phillipsite, barite and fish debris, which are diluted in rapidly amassing deposits 
tend to accompany the ferromanganese minerals. 

The ferromanganese minerals act as hosts for a suite of elements, including 
copper, nickel, cobalt, zinc, lead and the rare earths, which can attain concentra- 
tions up to values around one per cent (Table 4; GOLDBERG, 1954; GOLDBERG 
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Table 4. Chemical Composition of Manganese Nodules with respect 
to some Heavy Metals 


Element Range (per cent) 
Fe 62-20 
Mn 11-24 
Ni 0-16-11 
Co 0:01-0:7 
Cu 0-17-1°8 
Th 0:0020-0-0130 
Pb 0-0500-0-2500 


and ARRHENIUS, 1958). These guest metals which are enriched in the ferro- 
manganese minerals, as well as the manganese, all exist in sea-water in a highly 
undersaturated condition (GOLDBERG, 1958) and their assimilation by these 
minerals has been postulated to account at least in part for this situation. 

The unique chemical composition, unlike that of any terrestrial mineral, has 
strongly established the authigenic character of the ferromanganese accumula- 
tions. Further support comes from the lead isotopic analyses of CHow and 
PATTERSON (1959). These authors point out that the distinctive values of the 
radiogenic lead isotopes strongly suggest a derivation of the lead in manganese 
nodules from dissolved species in sea-water. 

Structural investigations by BUSER and GRUTTER (1956; see also GRUTTER 
and Busser, 1957) indicates an irregular pile of quasi-two-dimensional layers. 
Common to all of the nodules are layers of MnO,. Sandwiched between the 
manganese dioxide layers is an irregular in-between layer consisting mainly of 
the hydrated hydroxides of manganous or ferric ions. In nodules with amounts 
of iron, greater than can be accommodated in the in-between layer, the mineral 
goethite appears. Buser and Griitter point out that some of the iron can also 
be built into the MnO, layers through the isomorphous exchange of Mn** by 
Fe**. 

The nodular materials possess rather high specific surface areas, ranging 
from 6 to 190 m?/g (BUSER and GRUTTER, op. cit.). By coupling this observation 
with the ability of other polyvalent cations to substitute in the disordered layer 
the high concentrations of accessory metals in the ferromanganese minerals 
can be explzined. 

On the basis that the radium in manganese nodules is unsupported, PETTERS- 
SON (1943) and VON BUTTLAR and HOUTERMANS (1950) derived values of 
1 mm/10? years for the rates of accretion. However, on the basis of the unusually 
high amounts of thorium in the nodules (from 30 to over 100 p.p.m., GOLDBERG 
and PiccioTTo, 1955), GOLDBERG and ARRHENIUS (1958) suggest that these 
results may be much too high in that much of the radium may be ionium- 
supported. If all of the radium is ionium-supported, that is the extreme case, 
the rate of deposition given above is too high by a factor of 50, the ratio of the 
half-life of ionium (80,000 years) to that of radium (1600 years). GOLDBERG 
and Ko1pe (unpublished data) found ionium/thorium ratios of over 30 in a 
surface layer of the Horizon nodule (40° 14’ N and 155° 15’ W, recovered from 
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a depth of 5500 m) which was removed by lightly going over the surface with a 
dental drill. Directly below this layer the ratio dropped to values near 5, 
possibly substantiating the postulated lower growth rate or indicating a dis- 
continuous deposition. The concentric layered structure of most nodules 
probably results from periods of relatively rapid accumulation followed by 
intervals of little growth. 

The rather exotic nature of these minerals has inspired a number of specula- 
tions as to their mode of formation. The earlier workers were more concerned 
with the immediate origin of the elements, rather than any physicochemical 
considerations, and such sources of manganese as Foraminifera, volcanic debris, 
sub-surface springs, etc. Both biochemical and inorganic mechanisms to deposit 
the manganese and iron oxides were invoked. 

A satisfactory hypothesis must not only account for the observation that iron, 
as well as manganese, is markedly enriched in these accretions but also for the 
evidence that, whereas manganese is in a divalent dissolved state in sea-water, 
in the ferromanganese minerals it is mainly tetravalent. The only non-biological 
species in the ocean capable of oxidizing manganese is oxygen and the reaction 


has a free energy of — 9 kcal at 25°C, at a pH of 8, a manganous ion concentra- 
tion of 10-® M and a partial pressure of oxygen of 0-25 atm. These concentra- 
tions are all similar to those in near-bottom sea-water; the near-bottom 
temperature is 0°C. Since tetravalent manganese is not found in sea-water, it is 
apparent a surface is necessary for the reaction. The well known catalytic 
properties of iron oxide surfaces suggest the association of such material in 
the formation of the nodules. Iron exists in the oceans dominantly in an 
insoluble form, partly colloidal. The accumulation of iron oxides, possibly by 
some type of electrodeposition, results in the formation on the sea floor of the 
initial surface. The accretion of manganese leads to the formation of the 
ferromanganese minerals, the scavenging of the high charge density ions in 
sea-water by the forming in-between layer, and the formation of a new surface 
of iron—manganese which can be the site of further oxidation and further 
accumulation of the metallic oxides. 

The authigenic zeolite of the deep-sea floor, a phillipsite mineral, not only 
accompanies and possesses similar abundances to the ferromanganese minerals, 
but is certainly as puzzling with respect to occurrence and mode of formation. 
The highest surface concentrations of phillipsitic minerals in the Pacific occur 
in the southern regions where values between 5 and 20 per cent by weight in 
the dried sediments are common. Phillipsite is quite rare at the surface in the 
equatorial regions (10° N to 10° S) and becomes abundant in the North Pacific 
in the Mid-Pac mountain vicinity west of Hawaii. Even though it is quite often 
found in association with those substances which in high concentrations reflect 
low rates of deposition, apatite, barite and the ferromanganese minerals, the 
highest surface concentration, on a calcium carbonate-free basis, was found 
at Downwind BG 38 station (29° 43’ S;_ 142° 23’ W, depth 4420 m) with a value 
of 40 per cent, but there was 21 per cent of calcium carbonate in the sample; 
other calcareous deposits in these regions may have high amounts of phillipsite. 
These results do not coincide with the observations of Murray and Renard 
who report this zeolite “‘as occurring most abundantly in red clays, more rarely 
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in radiolarian oozes, and still more rarely in globigerina oozes”. Rarely do 
siliceous organic remains coexist in deposit with phillipsite, and, where they do, 
they are heavily corroded (REIDEL, personal communication). 

The phillipsite microliths are apparently at least as ubiquitous as the ferro- 
manganese minerals, but their influence on the gross composition of pelagic 
sediments is less felt because their composition is more similar to that of crustal 
rocks. Semi-quantitative analyses made by the author on a marine phillipsite 
gave: Si, 25-0 per cent; Al, 8-8 per cent; Mg, 0-04 per cent; Ca, 0-21 per cent; 
K, 5-1 per cent; Na, 5-5 per cent; Ti, 0-02 per cent and P, 0-09 per cent. 
These values may be compared with the literature composition range of 
KCa,SigA1,Og9 . (WINCHELL, 1951, p. 343). 
Evidently, the high Si/Al ratio in the marine form accounts for the increased 
alkali metal/alkaline earth ratio. These results are comparable to those of 
Murray and RENARD (op. cit.) who found the high sodium values, but also 
high iron values, quite clearly contamination resulting from a surface coating 
which the authors cite was not removed prior to analysis. 

The remarkable water capacities, ion-exchange and molecular sieve properties, 
characteristic of zeolites, are reflected in the behaviour of the phillipsite-rich 
behavior. Samples from these areas contain unusual amounts of those large 
cations, such as barium and radium, which can be accommodated in the cavities 
and channels of these open network minerals (GOLDBERG and ARRHENIUS, 
1958). 

Only limited studies on the clay minerals of the pelagic marine environment 
have been made and this state of affairs probably results from the difficulties 
in analysing these poorly crystalized, and in many cases, mixed layer materials. 
Grim (1953) has surveyed the literature in the field and concludes that many 
of the reported determinations suffer on the basis of inadequate or incomplete 
analytical data. He favors only those analyses made by a combination of 
X-ray diffraction, differential thermal and chemical methods. On the basis of 
such results some agreement on the types of clay minerals encountered on the 
ocean floor can be reached. In the following discussion, an attempt has been 
made to use those results that conform, or nearly so, to Grim’s criteria. 

The ubiquitous clay mineral is illite, defined by its 10 A reflection and its 
non-swelling character under ethylene glycol treatment. ZEN (1957) found it to 
be the most common mineral in samples off the coast of Peru and Chile, a result 
also reported by Grim, Dietz and BRADLEY (1949) in samples from the Gulf 
of California and from the Pacific Ocean off the California coast and by DiETz 
(reported in Grim, 1953) in 39 samples collected from the various oceans of the 
world. In the last cited work, illite was dominant in 23 of the samples. CORRENS 
(1937) apparently found this mica-like mineral in South Atlantic deposits. 

The reports on a7 A kaolinite-type mineral indicate a non-uniform distribu- 
tion. Zen finds it to be the second most common clay, while Murray and 
HARRISON (1956) find its presence questionable in sediments in the Gulf of 
Mexico (Sigsbee deep and environs). Correns found it predominant in some of 
his samples, while it was the major mineral in 9 of the 39 world-wide samples of 
Dietz. Grim, Dietz and Bradley found it in their Pacific investigations. 

Montmorillonite, as given by a basal spacing around 15 A which swells to 
around 17A, upon ethylene glycol treatment and collapses to around 10 A 
on heating to temperatures above 200 °C, is found by Murray and Harrison to 
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be the principal clay mineral member, and approximately twice as abundant as 
chlorite and illite in their samples. Montmorillonite is scarce or absent in the 
spectra given by Zen, Dietz and Grim and co-workers. Correns found it in 
relatively limited areas near sites of basic volcanic activity. 

Chlorite, designated by a 14 A periodicity which is unaltered by glycolation 
or heat treatment, apparently improved its interlayer organization with depth 
in the Gulf of Mexico deposits investigated by Murray and Harrison; Zen, as 
did other workers, found it to be scarce. 

No systematic treatment of the origin or sources of these clay minerals has 
yet been presented. ARRHENIUS (1954) suggests an authigenic origin for some 
of these aluminosilicates while Zen emphasizes the devitrification of volcanic 
glasses in his studies. Rex and GOLDBERG (1958) estimate that in the mid- 
latitudes of the North Pacific a large portion of the clays arise from their 
terrestrial counterparts that have been transported by the winds to the pelagic 
areas. 


GEOCHRONOLOGIES 


Developments in obtaining ages in sedimentary minerals have been occurring 
at highly accelerated rates in the last few years. In the 1940s only the ionium— 
radium method was available for studying the rates of sedimentation in the 
deep sea and it is now for the most part discredited. Today, a number of tech- 
niques, covering the entire span of geologic time, are at the disposal of the marine 
scientist (Table 5); some of these have already been applied to the pelagic 
environment. 


Table 5. Principal Geochronologies, based on Radioactive Decay, 
applicable to Marine Sediments 


Method Half-lives of significant isotopes (years) | Dating range (years) 


Ionium-thorium 230Th 8-0 x 104 10,000-400,000 
Beryllium-10 10Be 2:7 x 108 10°-107 
Rubidium-strontium 5 x 101° 107-101° 
Potassium-argon 10°10" 
Radio-carbon M4C 5600 500-30,000 
Tonium-radium 226Ra 1600; also 500-400,000 


* Half-life for decay to argon-40. 


Certain requirements must be fulfilled in the utilization of a given method to 
a particular sediment. First of all, the entire sample, or a separable component 
of it, must contain in sufficient amounts the nuclides to be assayed, and in 
certain cases, be free of other. For example, the application of the strontium- 
rubidium technique demands the sample have appreciable (say a few per cent) 
rubidium and essentially no strontium. 

Secondly, the depth or time interval in the sedimentary column that is mixed 
or stirred must be small in relationship to the dating range. Preliminary results 
in the author’s laboratory indicate that the pelagic clays in the Pacific can be mixed 
over at least 10 cm levels or times of hundreds of thousands of years. Hence, 
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the radio-carbon method would not be expected to provide a reliable timetable 
in such deposits. 

Finally, there are restrictions relating to the origin of the various components 
of the deposit. For example, lithogenous minerals high in potassium, say certain 
feldspars, could not be present in significant amounts in sediments that were 
subjected to potassium-—argon analyses. For any derivable ages would include 
the age of formation of the non-authigenic feldspars. 

The following paragraphs briefly survey the various radioactive time-clocks 
that have been used or appear promising in work on pelagic sediments. A 
number of techniques have been purposely omitted for a variety of reasons. 
The times involved in pelagic sedimentation appear to be much too long for 
tritium dating. Methods based on the natural f-radioactivities of '*’Re and 
161 u were not considered due to the fact that concentrations of either of these 
two elements by marine deposits is unknown and their terrestrial abundances 
are extremely low. Lead-lead, uranium-lead and thorium-—lead methodologies 
were neglected because of the complex non-equilibrium problems in authigenic 
mineral formation. Radioactive decay relationships involving other members 
of the uranium and thorium radioactive series such as actinium and proto- 
actinium are promising. But since they all resemble in certain aspects the 
ionium-thorium method and since no actual applications of such nuclides have 
been published, such geochronologies have not been considered. 

Ionium-thorium chronology. The method of ionium-thorium chronology 
(PiccioTto and WILGAIN, 1954) is based upon the simultaneous removal of 
ionium (°Th, t} = 80,000 years, a member of the 7°°U radioactive series) and 
thorium (°*Th, #} = 1-4 x 10! years) from the overlying sea-water to one or 
more of the mineral components of the sediments. In theory such a technique 
should cover a time span of about 4 half-lives of ionium, or 360,000 years. 

A number of assumptions and prerequisites govern the validity of the 
method. First of all, the Io/Th ratio in the water adjacent to the sediment has 
to remain constant over the time intervals to be measured. Secondly, the 
ionium and thorium should be in the same chemical forms in sea-water. Since 
thorium exists in aqueous solution only in the + 4 state under normal conditions, 
and since any non-equilibrium forms of ionium formed following the decay 
of its parent have times of the order of thousands of years to become the more 
stable ionic species, at the present time there is little question concerning this 
assumption. Any uranium-supported ionium should be insignificantly small or 
subtracted from the total ionium. Finally, the analysed materials cannot con- 
tain any detrital materials, of continental or volcanic origin, which contain 
significant amounts of either of these isotopes of thorium. Inasmuch as the 
lithogenous fractions of the deposits are usually of a high chemical resistance to 
attack, preferential dissolution of the sample can eliminate difficulties associated 
with the presence of such minerals (GOLDBERG and Kolbe, 1958). 

Russian investigators (BARANOV and KUZMINA, 1958a; 1958b; see also 
STARIK et al., 1958) conducted analyses on these thorium isotopes in a series of 
scooped bottom samples and cores from the Pacific and Indian Oceans. They 
found that in general the ionium was nearly completely supported in the near 
coastal regions, but in areas distant from the coast there can be one to two 
orders of magnitude more unsupported than uranium-supported ionium. Com- 
puted rates of sedimentation of marine sediments on the basis of this technique 
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were 1-3 cm/1000 years for the border regions of the Pacific and 0-5-0-63 years/ 
cm for the solids of the Indian Ocean. These workers made no attempts at 
partial dissolution of the sediment samples to eliminate contributions of 
lithogenous thorium. 

GOLDBERG and KOIDE (1958) have applied ionium/thorium chronology to a 
series of samples from the Eastern Pacific Ocean and have noted exponential 
decreases in the ratios in most of the cores they analysed. The samples were 
dissolved in concentrated hydrochloric acid and the residues of quartz, feldspars 
and other resistant minerals were discarded. Several cores showed no significant 
ratio decrease with depth. This situation may result from either a lack of 
deposition of solids or a loss or disturbance in the upper sections of the sample 
during shipboard handling. Table 6 gives a not unusual depth distribution of 


Table 6. The Depth Distribution of the ionium|thorium Ratio in Down- 
wind HG 49 taken 14 December 1957 at 42° 02'S; 98°01’ W; 
Depth 4350 m 


; Io/Th in disintegrations of Io per 


the ionium/thorium ratio for a Southeastern Pacific deposit. These results give 
a rate of accumulation for the levels below 10 cm of 0-3 mm/10® years and a 
mixing zone of about 10 cm from the surface. 

The surface ratios were observed to fall into two distinct groups: a set in the 
region between the Aleutian Islands and Hawaii with values of the Io/Th ratio, 
in units of disintegrations of Io per disintegration of Th per unit time, averaging 
about 15 and a second group in the region between longitude 120° and 140° W 
and latitude 40° N and 40° S with ratios varying about 35. 

These results can be interpreted on the basis that the deep-oceanic water 
masses, which are in contact with the sediment surfaces, furnish these isotopes. 
The ionium arises principally from the uranium in sea-water, while the thorium 
must have as its ultimate source the weathered materials of the lithosphere. 
Since the residence time of uranium is of the order of a million years, a time in 
which it is conceivable the world oceans become mixed, the rate of production 
of ionium per year can be assumed constant. The rate of introduction of 
thorium, on the other hand, because of the short residence time of thorium, 
under a thousand years, determines the value of the ratio. Thus, in the Atlantic, 
with a more rapid circulation of waters, a smaller ocean with a greater amount of 
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run-off, should have a higher thorium input per unit time and hence a lower 
value of the ratio. This is actually observed and typical Atlantic surface values 
range between 8 and 12. The North Pacific which receives a greater input of 
river waters than the South Pacific shows surface values intermediate to the 
Atlantic and Southeastern Pacific. 

A similar situation exists with the distribution of lead isotopes in the sedi- 
ments of the Pacific (CHow and PATTERSON, 1959). The radiogenic isotopes, 
206Pb, 2°’Pb and 2°°Pb were all enriched relative to ?°Pb going from the North- 
west to the Southeast Pacific. The residence time of lead in the oceans is 
probably ten times that of thorium, of the order of 10* years. 

Beryllium-10. This isotope of beryllium has a half-life of 2:7 million years 
and is produced throughout the atmosphere, principally the upper levels, by 
cosmic ray interactions with the gaseous atoms. This nuclide holds a certain 
fascination for the marine geochemist inasmuch as it was first discovered in 
pelagic sediments (ARNOLD, 1956; Goet et al., 1957). On the basis that sedi- 
mentation rates have remained constant over the time intervals considered, 
Gok et al. (op. cit.) obtained a value of 5-5 mm per thousand years for the 
accumulation rate for some Pacific cores taken from a depth of 5200 m at 
4° 04’ S and 152° 53’ W. These workers also used absolute disintegration rates 
of }°Be, implicitly assuming the beryllium deposition equals the average global 
production rate. There remains the possibility that different oceanic water 
masses contain dissimilar amounts of stable beryllium, giving rise to differing 
specific activities of }°Be. MERRILL ef al. (1959) delimited this by showing that 
samples from the Atlantic and Pacific had beryllium contents between 2:0 and 
3-0 p.p.m. with an over-all average of 2:6. 


Table 7. The Be and \o/Th in Capricorn 50 BG1. °Be values 
(from MERRILL et al., 1959) 


Depth in core (cm) | 'Be (d.p.m. x 5/g) | Depth in core (cm) | Io/Th 


10-* 0-5 39-8 
5-12 32:0 


0-12 61+3 x 
0-3 
0:5 12:5-18 a2 
0-4 
0-4 


12-24 
24-36 — 0-5 
36-48 6 
48-60 


18-24 
24-29 
29-36 1-4 
36-48 
48-60 16 


ARNOLD and his co-workers have made detailed analyses on a number 
of cores for the !°Be concentration. Several have shown erratic values with 
depth indicating probable disturbances in the core. A core from the near- 
equatorial Pacific (Capricorn 50 BGI, 14°55’N; 124° 12’ W; depth of 
4270 m) had a remarkably high activity at the surface, followed by a rapid 
drop in the subsequent levels (Table 7). Goldberg and Koide ran the ionium/ 
thorium on cuts from the same core and obtained similar results, a sharp fall-off 
in activity after 12cm. This discontinuity may reflect a change from a more 
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rapid to a slower sedimentation rate. The time interval is at least one-third 
of a million years from the ionium/thorium values. The reliability of any ages 
on the basis of the 1°Be values, at the present are certainly questionable. First 
of all, the constancy of the production or the flux of !°Be to the oceans over the 
time periods of millions of years has not been established. Again, the com- 
position of the core with respect to its various components may have changed 
with depth. MERRILL et al. (op. cit.) found stable beryllium lower in phillipsite 
and higher in some ferromanganese minerals as compared to the above-cited 
gross sediment average. No quantitative analyses on the various mineral 
components of this core were made. Compositional changes or variations in 
the }°Be flux may account, in part, for the quite disturbing high value at 48- 
60cm. Again, we know little about disturbances in the continuity of deposition. 

It is of interest to note that GOLDBERG and Kobe (1958) made Io/Th deter- 
minations on a duplicate core taken in the same general area. In this case there 
was almost a continual deposition to a depth of 24cm indicating a quite 
different history of accumulation with a sedimentation rate of about one 
mm/thousand years over this interval. 

Rubidium-strontium. Rubidium-87 is naturally radioactive and constitutes 
27:85 per cent of natural rubidium. It has a half-life of five billion years, 
decaying to strontium-87 which is a minor strontium isotope (7:02 per cent). 
There are two general applications of this decay scheme to geochronology. 
The first involves the parent-daughter relationships in rubidium-rich, strontium- 
poor minerals. The total rubidium and *’Sr contents are determined, corrections 
are made for any naturally occurring strontium, and an age determined from 
the radioactive decay equations. Secondly, one can postulate that the relative 
**Sr content in the strontium of the oceans has systematically changed over 
geologic times with the introduction of radiogenic strontium from the decay 
of rubidium. Here the certainly justifiable assumption of continuity and 
uniformity in the major sedimentary cycle is made. 

Ages derived from direct measurements of rubidium and *’Sr have been 
obtained for glauconite, a clay mineral with a hydrous mica structure (HURLEY 
et al., 1958a; 1958b). Where simultaneous potassium—argon measurements 
have been made, it appears at the present time that the strontium—rubidium 
results are not nearly as consistent and have larger errors. Although glauconites 
form in the shelf and slope but not the pelagic areas, the possibility of applying 
this method to components of the deep-sea sediments looks favorable. The 
zeolite phillipsite, in a single sample analysed by the author, gave potassium 
values of around 5 per cent and calcium values of a few tenths of a per cent. 
Since the pairs, potassium and rubidium and calcium and strontium, have similar 
behaviors in the major sedimentary cycle, one a priori predicts a high rubidium- 
low strontium mineral. Further, the zeolites are rather readily separated from 
sediment samples of size-density bases. 

EWALD, GARBE and Ney (1956) have calculated the ages of some marine 
strontianites, celestite and limestones by the second method. All of these 
materials are rubidium-poor. They were able to assign ages over periods of 
greater than 100 million years and these results showed excellent agreement 
with values obtained by other means. This technique will undoubtedly enjoy 
a great popularity when pelagic sediments of the Mesozoic are recovered from 


the pelagic environment. 
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Potassium-argon. Potassium-40 (a minor isotope of potassium) decays to 
argon-40, the principal isotope of argon (99-6 per cent of atmospheric argon) 
and calcium-40. As universally applied, the potassium content and the #A 
content of minerals, suitable for dating, are determined to derive an “age”. 
The 1-2 billion year half-life, with the potentiality of obtaining ages of one 
million years or possibly less, has made this technique extremely attractive. 
It has been applied to certain igneous minerals and sedimentary silvites with 
considerable success and quite recently (LipSON, 1958; see also Curtis and 
REYNOLDs, 1958) to glauconites. As in the case of rubidium-strontium, 
phillipsites appear to be the most suitable of the pelagic deposit components for 
attempted dating. 

Radio-carbon. Ages of depths in the sedimentary carpet up to 30,000 years 
or so have been readily determined by assaying Foraminifera tests for carbon-14 
(t} = 5600 years) (see for example BROECKER, TUREKIAN and HEEZEN, 1958; 
EmMILIANI, 1955). The rate of clay accumulation is simultaneously determined, 
if the clay contents of the various samples are known. The possibility of 
applying this technique to calcium carbonate-free clays exists in the utilization 
of the organic carbon, often present in amounts in the neighborhood of a per 
cent or so. 

Ionium-radium. PETTERSSON (1937) indicated that the thorium isotopes have 
a very short residence time in sea-water, probably being precipitated by metallic 
hydroxides, notably iron. Ionium, ?°°Th, is a daughter in the 7°°U series, and 
the parent of radium-226. Utilizing the growth relationship of radium to its 
parent ionium, PiGGoT and Urry (1942) were able to obtain rates of accumulation 
of marine sediments. 

However, most subsequent determination of the radium concentration with 
depth, as well as many published by Piggot and Urry, did not correspond to the 
theoretical curve in which radium grows into a maximum concentration and 
then decays with the half-life of its parent ionium. Instead of a single maximum, 
often many were found (KROLL, 1954). Kroll sought explanations for these 
anomalies by denying one of the basic assumptions of the method, that the 
amounts of ionium accumulated in the sediments per unit time are constant, 
and by considering what factors govern the distribution of radium in sediments. 
He suggests that changes in the concentration of uranium, in sea-water, the 
primary source of ionium, brought about through variations in conditions in 
the major sedimentary cycle, may have occurred. 

Secondly, Kréll points out that changes in the total rate of deposition influence 
the distribution of radium. Other methods of determining the rates of accumu- 
lation substantiate marked changes in the total rates of deposition. 

Finally, he indicated it was necessary to take into account any diffusion of 
radium or ionium from the sites at which they became a part of the sediment. 
ARRENHIUS and GOLDBERG (1955) made an attempt to study the localization 
of radium in the different phases of pelagic clays. Their results indicated that 
radium, derived from ionium, is redistributed by diffusion through the inter- 
stitial water and that the zeolite phillipsite readily accommodated such radium 
in its structure. In a typical clay core from the Pacific (Capricorn 23 HG, 
16° 58S; 161° 35’ W; depth 5140 m) a second maximum appeared which 
corresponded to a maximum in the phillipsite content. Radio-autographs 
of «-particles emitted from phillipsite crystals gave a high proportion of 
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multi-branched stars, strongly suggesting radium, which gives birth to two 
short-lived «-emitters, as the primary source of the tracks. 

Koczy (reported by PETTERSSON, 1955) finds the radium content of abyssal 
waters higher than waters of intermediate depths. He attributes this finding 
to the diffusion of radium, produced in the upper layers of the sediment, to the 
bottom waters where aided by turbulence it distributes itself in the water mass. 
These ideas are reinforced by the observation that radium is in excess by a 
factor of 6 in sea-water with respect to presumed equilibrium amounts of ionium 
(Koczy, PiccloTTo, POULAERT and WILGAIN, 1957). 

All measurements of rates of accumulation of pelagic clays, because of the 
above results, become suspect on the basis of the migration of radium from its 
deposition site. In fact, future applications of this technique in pelagic clays 
will depend upon the finding of a mineral that has the properties of accommo- 
dating thorium isotopes in great preference to radium and of maintaining all 
of the ionium-supported radium. 
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